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Abstract

Mathematical modeling is a powerful tool in many areas of science. In systems biology, mech-
anistic models are particularly useful to gain insights into biological processes as they can
immediately disclose causal mechanisms. The parameters of such models, e.g. kinetic rate
constants, usually cannot be measured directly but need to be inferred from experimental
data. Continuous-time, discrete-space stochastic processes provide an adequate description
of the amount of molecular species and their interactions within a cell. However, parameter
inference for such processes is usually computationally intractable. Therefore, several approx-
imation models have been developed. One approach that preserves the stochastic nature of
the underlying process is the approximation by It diffusion processes. These continuous-time,
continuous-space stochastic processes described by Ito-type stochastic differential equations
(SDEs) are the focus of this thesis. Here, the goal is to enable leveraging the potential of
diffusion processes to generate systems biological insights. To this end, we explore compu-
tationally efficient inference methods for diffusion processes and consider the application of

diffusion processes to a real-world phenomenon in order to study their impact.

Also for diffusion processes, parameter inference is a very challenging problem, in particular
because the corresponding likelihood function is usually intractable. Model parameters can
be estimated from discretely observed data using e.g. Markov chain Monte Carlo (MCMC)
methods that introduce auxiliary data. These methods typically approximate the transition
densities of the process numerically based on the Euler-Maruyama scheme and are computa-
tionally expensive. Using higher-order approximations may accelerate them, but the specific
implementation and benefit remain unclear. Hence, we investigate the utilization and useful-
ness of higher-order approximations in the example of the Milstein scheme and find that, in
fact, the use of the Milstein scheme does improve the estimation accuracy for the parameters
appearing in the diffusion coefficient. However, our study also shows that the applicability of

the Milstein scheme is very limited in this context in the case of multi-dimensional processes.

Concerning the application to a real-world example, we use diffusion processes to model the

translation kinetics after mRNA transfection and infer the model parameters from time-lapse



Abstract

fluorescence microscopy data using the open source software Stan. We compare this SDE model
to a corresponding deterministic ordinary differential equation (ODE) model in terms of pa-
rameter identifiability and find that the SDE model provides better identifiability of the kinetic
parameters than the ODE model.

Finally, we provide a sound mathematical foundation for the SDE model of the translation
kinetics by proving the existence and uniqueness of a strong solution of the SDE and that the
Euler-Maruyama approximation of the SDE strongly converges to this solution, although the

standard assumptions from stochastic analysis are not fulfilled.

In summary, this thesis addresses multiple important aspects that need to be considered in
order to harness the capabilities of mathematical modeling to generate systems biological
insights, including mathematical theory, computational efficiency, and consideration of the
specific challenges that arise when working with experimental data. Thus, it provides several

building blocks to pave the way towards a holistic understanding of biological systems.
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Zusammenfassung

Mathematische Modellierung ist ein hilfreiches Werkzeug in vielen Wissenschaftsbereichen.
In der Systembiologie sind insbesondere mechanistische Modelle niitzlich um Erkenntnisse
uber biologische Prozesse zu gewinnen, da sie kausale Zusammenhange unmittelbar erken-
nen lassen. Die Parameter solcher Modelle konnen meist nicht direkt gemessen werden
und miissen deshalb anhand von experimentellen Daten geschatzt werden. Stochastische
Prozesse in stetiger Zeit und mit diskretem Zustandsraum liefern eine adaquate Beschrei-
bung der Anzahl von Molekiilen und ihrer Interaktionen innerhalb einer Zelle. Da jedoch die
Parameterschatzung fiir solche Prozesse oft rechnerisch nicht durchfiihrbar ist, wurden ver-
schiedene Approximationsmethoden entwickelt. Eine Vorgehensweise, die die Stochastik des
zugrunde liegenden Prozesses beibehalt, ist die Approximation durch It6-Diffusionsprozesse.
Diese stochastischen Prozesse in stetiger Zeit mit kontinuierlichem Zustandsraum, die durch
stochastische Differentialgleichungen (SDEs) vom It6-Typ beschrieben werden, stehen im
Fokus dieser Dissertation. Ziel ist es, das Potenzial von Diffusionsprozessen fiir die Erkennt-

nisgewinnung in der Systembiologie nutzbar zu machen.

Parameterschatzung ist auch fiir Diffusionsprozesse eine Herausforderung, insbesondere da die
zugehorige Likelihood-Funktion meist nicht analytisch zur Verfligung steht. Die Modellpa-
rameter konnen aus diskret beobachteten Daten z. B. mithilfe von Markov-Chain-Monte-Carlo
Methoden geschatzt werden, die zusatzliche Datenpunkte einfligen. Diese Methoden approx-
imieren die Ubergangsdichten des Prozesses typischerweise numerisch basierend auf dem Euler-
Maruyama-Schema und sind rechnerisch sehr aufwandig. Die Verwendung eines Schemas mit
hoherer Konvergenzordnung birgt das Potenzial, die Methoden zu verbessern, aber die genaue
Implementierung und die Vorteile waren unklar. Deshalb untersuchen wir die Verwendung und
den Nutzen eines Schemas hoherer Ordnung am Beispiel des Milstein-Schemas und stellen
fest, dass dieses die Schatzgenauigkeit fiir Parameter, die im Diffusionskoeffizienten vorkom-
men, verbessert. Jedoch zeigen unsere Untersuchungen auch, dass die Anwendbarkeit des

Milstein-Schemas im Falle von mehrdimensionalen Prozessen sehr eingeschrankt ist.



Zusammenfassung

AuBerdem verwenden wir Diffusionsprozesse, um die Translationskinetik nach der Transfektion
von mRNA zu modellieren, und schatzen die Modellparameter aus zeitaufgelosten Fluoreszenz-
mikroskopiedaten mithilfe der Open Source Software Stan. Ein Vergleich mit dem zugehorigen
deterministischen Differentialgleichungsmodell zeigt, dass das SDE-Modell zu besserer Identi-

fizierbarkeit der kinetischen Parameter fiihrt.

SchlieBlich stellen wir das SDE-Modell auf ein sicheres mathematisches Fundament. Wir be-
weisen, dass eine eindeutige starke Losung der SDE existiert und dass die Euler-Maruyama-
Approximation der SDE stark gegen diese Losung konvergiert, obwohl die Standardvorausset-

zungen aus der stochastischen Analysis nicht erfullt sind.

Zusammenfassend behandelt diese Dissertation damit mehrere wichtige Aspekte, die es zu
beachten gilt, um mittels mathematischer Modellierung neue Erkenntnisse in der Systembi-
ologie gewinnen zu konnen. Diese umfassen vor allem die mathematische Theorie, rechner-
ische Effizienz und die Beachtung der konkreten Herausforderungen, die die Arbeit mit exper-
imentellen Daten mit sich bringt. Somit tragt diese Dissertation dazu bei, den Weg hin zu

einem ganzheitlichen Verstandnis von biologischen Systemen zu ebnen.
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Chapter 1

Introduction

Mathematical modeling is a powerful tool in many areas of science, including natural and
social sciences (see e.g. Humphreys, 2003, Miller & Kuttler, 2015, Neimark, 2003). By
mathematical modeling, we mean the process of describing a real-world problem or phenomenon
by a mathematical model, e. g. by a set of equations, then using mathematical tools to analyze
and solve the mathematical problem and finally, interpreting and validating the results to gain
a better understanding of the underlying real-world phenomenon. When deciding about the
complexity of the employed model, one has to carefully weigh up the advantages of an elaborate
model describing the real-world problem in detail and the disadvantages of such an elaborate
model in terms of the mathematical tools necessary to analyze it. Therefore, usually only
essential aspects are taken into account. An important step in developing and validating a

mathematical model is to relate real-world data to the model by means of statistics.

Also in systems biology, mathematical models are widely used to gain insights into biological
processes on a variety of different scales including e. g. whole organs or tissues on the macroscale
and cell-to-cell interactions but also intracellular processes on the microscale (Kitano, 2002a,b).
Mechanistic models are particularly useful in this field because they can immediately disclose
causal mechanisms. Comparing the input-output relationship predicted by the model to exper-
imental data allows to verify or falsify the biological hypothesis represented by the model even
when some of the involved quantities are not accessible through experiments (Baker et al.,
2018). Moreover, they can be employed for in-silico experiments of various experimental con-
ditions that might be too difficult, too expensive, or even impossible to perform in real. One
important type of mechanistic models are differential equation models. They can be used to
describe the temporal evolution of the abundance of various biological species in a system.
On the molecular level, the development of time-lapse fluorescence microscopy has enabled

the collection of measurements for the same cells over time (Young et al., 2011). Besides,
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experiments have shown that there is a vast amount of variability of outcomes of gene expres-
sion not only between different cell populations, but also within isogenic cell populations and
even within individual cells which is due to the inherently stochastic nature of the underlying
biological processes (Elowitz et al., 2002, Raj & van Oudenaarden, 2008). Using stochastic
models, i.e. models that explicitly account for this stochasticity, can help improve our ability

to determine model parameters based on experimental data (Munsky et al., 2009).

In general, there are several different sources of variability in data and of discrepancy between
data and a considered model. Theses include (i) measurement error, (ii) uncertainty in model
specification, (iii) intra-individual variability (also known as intrinsic noise), and (iv) inter-
individual variability (also known as extrinsic noise) (see e.g. Kirk et al., 2016, Leander et al.,
2015, Regan et al., 2002). Taking stochasticity into account and considering the uncertainty
that arises from it is an important and useful aspect of the modeling process.

One adequate description of the amount of molecular species and their interactions within a cell
is a continuous-time, discrete-space stochastic process such as a Markov jump process (MJP).
However, parameter inference for MJPs is usually computationally intractable. Therefore,
several approximation models have been developed. One approach that preserves the stochastic
nature of the underlying process is the approximation by It6 diffusion processes. We also
write diffusion processes or just diffusions for short. These continuous-time, continuous-space
stochastic processes described by It5-type stochastic differential equations (SDEs) are the focus
of this thesis. Our goal is to enable harnessing the potential of diffusion processes to generate

systems biological insights.

Parameter inference for diffusion processes is a very challenging problem, in particular because
the corresponding likelihood function is usually intractable, and the existing inference methods
are computationally expensive. In this thesis, we investigate one potential remedy to this
problem, namely the use of a higher-order approximation scheme of the paths of a diffusion
process. Further, we apply diffusion processes to model the translation kinetics after mRNA
transfection, infer the model parameters from experimental data, and analyze the advantages
in terms of parameter identifiability of this stochastic model compared to a deterministic
ordinary differential equation (ODE) model. Moreover, if we want to leverage the capabilities of
mathematical modeling in generating new insights, we also need to ensure that the underlying
mathematical theory is well founded and sound. Therefore, this aspect is another pillar of
this thesis and we develop essential theoretical results for the SDE model of the translation

kinetics.



1.1. Contributions of this thesis

1.1 Contributions of this thesis

While the remainder of this thesis is written from the we-perspective referring to the author
and the reader (and occasionally the supervisor as will become clear below); in this section,
| describe the specific contributions of this thesis and what my role was in obtaining them. The
contributions are delineated in detail in the two main chapters of this thesis, namely Chapters 4

and 5. Here, | only briefly highlight the main points.

The overall goal of this thesis is to enable leveraging the potential of diffusion processes to
generate systems biological insights. To that end, three aims were targeted in the following

way:

e Aim 1: Exploring computationally efficient inference methods for diffusion processes

Parameter estimation for SDEs is a very challenging problem, especially when the diffu-
sion coefficient depends on the process states. The available methods are computation-
ally very expensive. The transition density of the diffusion process usually needs to be

approximated which is commonly done by the Euler-Maruyama scheme.

| investigated how the Milstein scheme, as an approximation scheme of higher conver-
gence order, can be used in the context of Bayesian data augmentation for diffusions and
analyzed whether due to the higher approximation accuracy, fewer imputed data points
would be required such that overall for a fixed computational cost a higher estimation
accuracy can be achieved. | described for what kind of SDEs the Milstein scheme can
be applied in this context and developed an alternative (arguably more straight forward)
derivation of the transition density based on the Milstein scheme. | implemented the

estimation procedures for this study myself in R.

Moreover, | have implemented inference procedures for SDE and ODE models in R and
in the Stan software which provides an efficient C++ implementation of the Hamiltonian
Monte Carlo based No-U-Turn Sampler.

e Aim 2: Analyzing the benefits of an SDE model in terms of parameter identifiability

Using a model that explicitly accounts for the stochasticity inherent to intracellular
processes holds the potential for better identifiability of kinetic parameters. | formulated
an SDE model for the translation kinetics after mRNA transfection and compared it to
an ODE model in terms of structural and practical parameter identifiability. | suggested
two approaches to assess the structural parameter identifiability for the SDE model (by
transforming the model and by simulation) and also implemented a recently suggested
approach using the software DAISY. All three approaches suggested that the SDE model
might yield better parameter identifiability.

3
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Besides, | used the inference procedures implemented in R and Stan to infer parameters
for both model types from simulated as well as (previously published) experimental data.
The results show that the SDE model for the translation kinetics is clearly superior to

the ODE model in terms of identifiability of the kinetic parameters.

e Aim 3: Ensuring a sound mathematical foundation for the SDE model

The diffusion processes that are usually used to approximate biochemical processes do
not fulfill the assumptions for standard results from stochastic analysis that ensure the
existence of a unique solution of an SDE and that the Euler-Maruyama approximation
converges to this solution. While the fundamental importance of these results is obvi-
ous, their derivation is generally neglected when diffusion approximations are applied in

systems biology (and beyond).

| proved the existence and uniqueness of a strong solution of the SDE model for the
translation kinetics after mRNA transfection and that the Euler-Maruyama approximation
of the SDE strongly converges to this solution. These proofs can easily be extended to

further models as explained in Section 5.9.

Chapters 4 mainly addresses Aim 1. My work on this project was supervised by Prof. Dr.
Christiane Fuchs and is published in the article
Pieschner, S. & Fuchs, C. (2020). Bayesian inference for diffusion processes: using higher-order

approximations for transition densities. Royal Society Open Science, 7(10), 200270.

The code of the implementation of the investigated methods and the results of the simula-
tion study are publicly available at https://github.com/fuchslab/Inference_for_SDEs_

with_the_Milstein_scheme.

Chapter 5 addresses all 3 aims and contains two subprojects. The first is devoted to Aim 3
and is contained in Section 5.3. The process of developing the proofs was supervised by Prof.
Dr. Wilfried Grecksch. The second subproject is covered in the remainder of the chapter and
addresses Aims 1 and 2. My work on this part was supervised by Prof. Dr. Christiane Fuchs

and some advice was provided by Prof. Dr. Jan Hasenauer.

1.2 Outline

This thesis is structured as follows: In Chapter 2, we provide background information on
several topics that are relevant to follow the main chapters of this thesis. These include
different ways to represent biochemical processes, Bayesian inference methods, in particular
Markov chain Monte Carlo (MCMC) methods, and the concept of parameter identifiability. In

4
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1.2. Outline

Chapter 3, we give a more detailed introduction to It diffusion processes which are the focus
of this thesis. We define what It diffusion processes are and give some of their properties
and some examples. As It6 diffusion processes are described by SDEs, we use the terms
“diffusion (process)” and “SDE" interchangeably throughout this thesis. Moreover, we show
how diffusion processes are commonly approximated and how parameter inference can be
performed for them. In Chapter 4, we further study one of the inference methods for diffusion
processes, that is based on Bayesian data augmentation, and investigate how to integrate the
Milstein scheme, as an approximation scheme of higher convergence order, into this framework.
We assess the effectiveness of this new combination in a simulation study and analyze whether
due to the higher approximation accuracy, a higher estimation accuracy can be achieved for a
fixed computational cost. In Chapter 5, we apply diffusion processes to model the translation
kinetics after mRNA transfection. This application is motivated by the availability of time-
lapse fluorescence microscopy data for single cells from an mRNA transfection experiment. For
the SDE model of the translation kinetics, we proof the existence and uniqueness of a strong
solution and that the Euler-Maruyama approximation of the SDE strongly converges to this
solution. Moreover, we compare the SDE model to the corresponding ODE model in terms of
structural and practical parameter identifiability. In Chapter 6, we provide a summary of the

findings of this thesis and conclude with suggestions for further research.






Chapter 2

Background

This chapter provides a brief introduction to several topics that are relevant to follow the
contents of this thesis. In Section 2.1, we present different representations of biochemical
processes and shortly discuss their benefits and drawbacks. Furthermore, we give a primer
on Bayesian statistics and Markov chain Monte Carlo (MCMC) methods in Section 2.2 and

introduce the concept of parameter identifiability in Section 2.3.

2.1 Biochemical kinetic models

Biochemical kinetic models (BKMs) are used to describe the interactions and evolution of
different species within a biological organism, e.g. a cell. They have been successfully applied
to various problems and thus receive much attention as is apparent from several recent reviews
on this topic such as Loskot et al. (2019), Schnoerr et al. (2017), Warne et al. (2019). In this

section, we describe several common representations of BKMs.

2.1.1 Markov jump processes

The species within a biological system have a discrete nature. Moreover, random fluctuations
of species numbers play a key role in biological systems. They can have a substantial effect
on the system's behavior, in particular in the case of low species numbers. Therefore, a
continuous-time, discrete-space Markov process, also called a Markov jump process (MJP),
for which the dynamics are described by the so-called chemical master equation (CME) is
widely accepted to be an appropriate stochastic description of such a system (Gillespie, 1992b,
Schnoerr et al., 2017).



Chapter 2. Background

Definition 2.1. Let (2, F,P) be a complete probability space and consider the measurable
space (Ng,P (Ng)), where P (Ng) denotes the power set of Ng. The stochastic process
(X (t))¢>0 with state space Ng is called a Markov process if foralln € N, all0 < t; < ... <t,
and x1,...,x, € N¢, it holds that

P(X(ty) = @ | X(t1) = @10 ..., X(tpo1) = Tn1) = P(X (ty) = | X (tn_1) = Tn_1).

A Markov process is a memoryless process, i. e. future states X (¢,,) conditioned on the current
state X (t,—1) are independent of the past. The most common description of a BKM by a
MJP assumes that the system is well mixed, in thermal equilibrium, and of constant size V,
where V' is a quantity that appropriately measures the size of the system such as the volume.
Under these assumptions, spatial effects can be neglected and are, therefore, not included in
the model (Schnoerr et al., 2017).

Suppose we consider a system of d species (e. g. d different types of molecules in a cell) denoted
by X1,..., Xy and of r reactions Ry, ..., R, which we define by the following notation:

d d

R;: X tX,  forj=1

G Zsij 7;—>Zsij i oryg=1,...,r,
=1 =1

- oF
ij2 %ij

the stoichiometric coefficients denoting the number of reactants consumed and the number of

where ¢; € R, is called the reaction rate constant of reaction R; and s € Ny are
products produced of species X; by reaction R;, respectively. For a total number m = Zle S,
of reactants involved in reaction R;, we say that reaction R; is of order m. Further, we define
the stoichiometric matrix S € NI*" by

S’Z-j:s;;—si_j fori=1,....d, and j=1,...,r

and denote the columns of § by S; which correspond to the net change of the system state
when reaction R; occurs. Throughout this thesis, we denote vectors and matrices by bold
symbols, vectors are assumed to be column vectors, and the transpose of vector x (and
matrix M) is denoted by ™ (and M ™", respectively).

For a stochastic representation of the kinetic model described above as a MJP, let X (t) =
(X1(t),...,Xq(t))™ € N& be the random variable denoting the state of the system at time
t > 0. Given that X (t) = x, the probability that reaction R; occurs within an infinitesimal
time step At and thus changes the system state by S; is given by

P(X(t+At)=x+ S;| X(t) =x) = hj(x, cj)At + o(At) forj=1,...,r



2.1. Biochemical kinetic models

where o(At)/At — 0 for At — 0, and hj(x,c;) is called the hazard or propensity function
or simply reaction rate of reaction ;. A common choice of the hazard function is the one of

mass-action kinetics type (Wilkinson, 2019), i.e.

d
hj(w,cj)zcjnm for]:1,...,7“.
i=1 \7* A

We define P(x,t) = P(X(t) = x| X (tg) = xg) for t > tg and all z, o € N&, where the
dependence on the initial state xg at time % is suppressed for simplicity of notation. Then, a

MJP described as above fulfills the following Kolmogorov's forward equations

OP(z, 1)

5 > [hj(w — Sy, c;) Pz — 8;,t) — hy(x, ;) Pla, t)]. (2.1)

j=1

In the context of BKMs, Equation (2.1) is known as the CME. It describes the temporal
evolution of the probability distribution of the system states conditional on the initial state.
While its structure is quite simple, analytical solutions of the CME only exist for the simplest

examples of BKMs. Jahnke & Huisinga (2007), for example, derive an analytical solution for

systems of only monomolecular reactions, i.e. m = 3%, s;; < 1 and S s5; < 1 for all
j =1,...,7. Schnoerr et al. (2017) review further examples for which analytical solutions
exist.

Despite the lack of an analytical solution to (2.1), exact simulation of sample paths is possible
for all MJPs by means of the stochastic simulation algorithm (SSA) that was introduced to
the field of biochemical kinetics by Gillespie (1976, 1977) and thus also came to be known as
Gillespie's algorithm. The algorithm makes use of the fact that the time intervals between two

successive reactions are exponentially distributed with intensity
T
ho(,€) =Y hj(m,c)),
j=1

where ¢ = (ci1,...,c.)" denotes the vector of the reaction rate constants. It iteratively
samples the time 7 until the next reaction and the type k of reaction that occurs next. We
summarize the steps of Gillespie's algorithm in Algorithm 2.1 in a similar way as Fuchs (2013)
and Wilkinson (2019).

The computational cost of Gillespie's algorithm becomes cumbersome if many reactions occur
within a short time. This is the case if there are many reaction types or the value of any
hazard function is high, i.e. if the respective rate constant and/or the numbers of the involved

reactants are large. Several more efficient implementation of the exact simulation algorithm
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Algorithm 2.1: Gillespie's algorithm

Input: An initial state xy and initial time point ty, maximal time point T, the hazard
functions h; and reaction rate constants c; for j =1,...,r.

Set t =ty and x(t) = xo.
while ¢ <T do
1. Calculate hj(z,c;) for j =1,...,r and ho(z, c).
2. Draw 7 ~ Exp(ho(x(t), c)) and set 7" = min{r, T — t}.
3. Draw the index k € {1,...,r} of the next reaction as discrete random variable
with probabilities h;(x, c;)/ho(x,c) for j =1,...,7.
4. Set x(s) = x(t) for all s € (t,t+7") and x(t + 7%) = x(t) + Spl(7* = 7).
5. Sett=t+r7
end

Output: A sample path x(t) of MJP (X (t))i>0 on time interval [to,T].

have been suggested such as the next reaction method by Gibson & Bruck (2000) and a re-
finement of this method by Anderson (2007). Despite these improvements, the computational
cost of exact simulation becomes often intractable. Therefore, approximate simulation meth-
ods for MJPs have been developed such as the tau-leaping method (Gillespie, 2001), several
improvements thereof (e. g. in Cao et al., 2006, Tian & Burrage, 2004), and also combinations
of exact and approximate simulation (e.g. in Cao et al., 2005, Marchetti et al., 2016).

Due to the fact that there is generally no analytical solution to the CME (2.1), inference
for MJPs is challenging because in this case the likelihood is not available. Therefore, only
likelihood-free inference approaches are feasible. Those include for example pseudo-marginal
MCMC methods as in Andrieu & Roberts (2009) for exact inference and approximate Bayesian
computation (ABC) as e.g. in Toni et al. (2009) for approximate inference. Both approaches
require several forward simulations of the considered MJP and are thus computationally very
intense. See Warne et al. (2019) for an overview and further references for both classes of meth-
ods. Since inference for MJP representations of BKMs is usually computationally intractable,
several approximations to MJPs have been developed some of which we will introduce in the

next subsection.

2.1.2 Approximation methods

There are several other representations of the BKM introduced in the previous section. To
some extent those can be considered as approximations to the corresponding MJP. The most
commonly used representation is the reaction rate equation (RRE) which is a system of ordinary
differential equations (ODEs) and thus provides a deterministic and state-continuous descrip-

tion of the kinetics. This approach commonly considers concentrations of the different species

10
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relative to the system size V instead of absolute numbers. We denote the concentrations by

X]=—,
X] =
whereby [X] € Ri. For a large system size V, the concentrations can thus be considered
to be approximately continuous. Moreover, the propensity functions according to classical
mass-action kinetics (Waage & Gulberg, 1986) are defined by

d
h(X1&) =& [l forj=1,....n
=1

where the rate constants ¢; € R may differ from those introduced in the previous section due
to the different units of X and [X]. Wilkinson (2019, Chapter 6.7) gives some examples of how
to convert between the different rate constants. For first order reactions, the rate constants
of the stochastic and the deterministic description are equal. We denote the vector-valued
function of all propensity functions by h([X], &) = (h([X],é1), ..., h([X],&))T. Then the

RRE written in matrix notation reads as follows

(2.2)

where S denotes the stoichiometric matrix as defined in the previous section.

The deterministic dynamics described by the RRE (2.2) do not capture the inherently stochas-
tic nature of the underlying process. The RRE is only an appropriate description for a system
that has large numbers of all species such that relative stochastic fluctuations become less
prominent. Moreover, for non-linear dynamics, i.e. in the case of second order reactions and
higher, the solution of the RRE does not necessarily describe the mean behavior of concen-
trations of the corresponding MJP. Nevertheless, the RRE has successfully been applied to
many problems because it has “the advantage of being relatively straightforward to analyse”
(Schnoerr et al., 2017) and several computationally highly efficient software tools are available
for the RRE and other ODE-based approximation approaches (see e.g. Frohlich et al., 2017,
Kazeroonian et al., 2016, Raue et al., 2015, Stapor et al., 2018). This allows simulation,
analysis, and inference even for large-scale BKMs, i.e. networks with many species and types
of reactions (Frohlich et al., 2018, Kapfer et al., 2019, Schmiester et al., 2019, Terje Lines
et al., 2019).

Another approach to approximate the MJP from the previous section is the approximation by
a diffusion process which is also state-continuous as the solution of the RRE but it preserves
the stochastic nature of the process. We give a formal introduction to diffusion processes in

Chapter 3 and here only briefly present their role as a representation of a BKM. There are

11
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several different ways how to derive such a diffusion approximation. Fuchs (2013, Chapter 4)
provides an overview of different diffusion approximation techniques and explains that under
mild regularity conditions, all of them yield the same result. In the derivation, many but not
all of the techniques also divide the process states by the system size V' (as for the RRE) in
order to obtain smaller jump sizes and thus justify the approximation by a continuous process.
The resulting diffusion approximation, however, can then in most cases easily be scaled again
by V to obtain the scaling of the original process. For simplicity of notation, we therefore
keep the original scaling and state the diffusion approximation in a similar way as derived in
Gillespie (2000).

The approximating diffusion process is described by the following stochastic differential equa-

tion (SDE) which is better known as the chemical Langevin equation (CLE) in this context:
dX(t) = u(X(t),c)dt + (X (t),c)dB(t), X (0) = o, (2.3)
with drift function
(X (1), ¢) = Sh(X (1), )

and diffusion function

(X (1),c) = \/ Sdiag{h(X (), c)} ST,

and where B(t) denotes a g-dimensional standard Brownian motion, S denotes the stoichio-
metric matrix as defined in the previous section, and diag{h(X (t),c)} denotes the diagonal
matrix with the elements of the vector h(X (t),¢) = (h1(X(t),c1),...,h (X (t),c,)) of the
hazard functions on the main diagonal. Moreover, for a square matrix A, the square root
VA here denotes any matrix B that satisfies A = BB'. Thus, one possible choice is
(X (t),e) = Sdiag{\/h(X(t),c)} such that o(X(t),c) € R¥" and ¢ = r. However, a
square matrix obtained e. g. by Cholesky factorization such that o(X (t),c) € R and ¢ = d
is usually preferred (Wilkinson, 2019, Chapter 8.3).

By preserving the stochastic nature of the process, the diffusion approximation can capture
more information about the underlying process. For systems that only contain zeroth and first
order reactions, the first and second moments of the diffusion approximation coincide with the
moments of the corresponding MJP (Schnoerr et al., 2017); whereas the RRE can only capture
the first moment. The diffusion approximation does not maintain the discrete nature of the
MJP which on the one hand is a disadvantage of this representation, but on the other hand
this allows for more efficient (approximate) simulation of sample paths as the computational

cost only scales with the number of different species in the system instead of with the rate of
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occurring reactions as for the MJP. Another advantage is that for the diffusion approximation
a wider range of possible inference methods becomes available. We give an overview of these
methods in Section 3.4.

There are ample of further approximation methods for BKMs. Schnoerr et al. (2017) provide
an overview of many of them. Another prominent example is the linear noise approximation
(LNA) which can be considered an intermediate result between the RRE and the CLE (Wallace
et al., 2012). It is appealing because under certain (commonly fulfilled) conditions it has a

tractable likelihood. However, it is also only appropriate for very large-sized systems.

Before we close this section, we want to briefly illustrate the different representations of BKMs
on a small example. Therefore, we consider a linear birth-death process in a similar way as
Wilkinson (2019, Chapter 1.3). This process models the population size of one species X.
The initial size of the population at time t = 0 is X (0) = z¢. There are two possible events

(or reactions, in the terminology that we have used so far):
e birth that occurs at rate #; € R, which means each unit of the population on average
gives rise to A1 new units of the population per time unit, and
e death that occurs at rate #2 € R, which means on average the population decreases by

a proportion of 65 per time unit.

Hence, for a MJP representation of this process, it holds that
PX(t+At)=xz+1|X(t)=2)=146
PX(t+At)=xz—1|X(t)=2)=146

1xAt + o(At) and
bx At + o(At),

and the process can be simulated using Gillespie's algorithm described in Algorithm 2.1.
The deterministic representation by an ODE (the RRE) reads

d);ft) = (01— )X (1),  X(0) = =0,

where for the purpose of this illustration we use absolute units instead of concentrations. Its

solution is the deterministic function
X(t) = zoelr=02)t,
The SDE representing the same phenomenon is given by

AX(t) = (8; — )X (1) dt + /01 + 62 dB(t),  X(0) = o,

13
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where B(t) is a one-dimensional standard Brownian motion. Trajectories of the (approximate)
solution of this SDE can be generated e. g. based on normally distributed random numbers as

we will explain in Section 3.3.

As an illustration, we simulate trajectories for each of the three representations (MJP, ODE,
SDE) of the linear birth-death process and for two different parameter combinations. We
choose the parameters such that for both scenarios, the difference #; — 05 is equal to —0.05.
We set X (0) = 30 and simulate the processes on the time interval [0, 40]. Figure 2.1 shows the
trajectories. We see that for each parameter combination, the stochastic representations MJP
and SDE give rise to several quite different trajectories while the deterministic ODE model
only yields one trajectory. Moreover, the trajectories of the ODE model are the same for both
parameter combinations as they are determined solely by the difference 8, — 65 but not by the
individual values of the parameters 61 and 0. Hence, it would not be possible to determine the
parameters individually from one observed trajectory by means of the ODE model. Whereas,
for the MJP and the SDE model, we clearly see that the higher values for 6; and 02 (in the
lower row of the figure) lead to more variability. This indicates that these two representations
capture information about both parameters individually, not only about their difference, which
yields the potential to also determine both parameters from observed data - a property which

we would like to harness.

MJP ODE SDE
6, =0.05
6,=0.10 7 i i
30 . i
10 E E
0 - - -
T T T T T T T T T T T T T T T
91 =0.55
8, =0.60 7 T T
30 - -
10 - -
o4 i i
T T T T T T T T T T T T T T T
0 10 20 30 0 o 10 20 30 0 o 10 20 30 40
time time time

Figure 2.1: Example trajectories for three representations (MJP, ODE, SDE) of a linear birth-
death process with starting value X (0) = 30 and for different values of the birth rate ¢; and
the death rate 65. For both parameter combinations, the difference 81 — 05 is equal to —0.05;
and therefore, the ODE trajectories are identical.
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2.2. Bayesian statistics and MCMC methods

2.2 Bayesian statistics and MCMC methods

Throughout this thesis, we mainly take a Bayesian approach to inference for parametric models.
In Bayesian statistics, we can formulate our assumptions and general knowledge about the
model parameters 8 € © C RP? in terms of a prior distribution with probability density p(8).
After having observed data D about the phenomenon which we are trying to model, we
update our knowledge about the parameter and describe it by the posterior distribution with
density p (6 | D). The relation between the prior and the posterior density is defined by Bayes'

theorem:

p(D|6)p(6)

p(0|D) = (D)

, (2.4)

where p(D) denotes the density of the distribution of D and is sometimes called the marginal
density of the evidence, and p (D | 0) denotes the density of the distribution of D conditioned
on @ and is determined by the considered model. Viewed as a function of the parameter,
1(0|D):=p(D|0) is called the likelihood (function), and often it is more convenient to con-
sider the log-likelihood £ (6 | D) :=1log!l (0 | D). The posterior distribution p (6 | D) represents
our beliefs about how plausible different parameter values are, after we have observed data D.
It is often summarized e.g. by point estimates as its mean, median, and mode or based on
credible intervals (which can be obtained in different ways). Yet, it is important to remember
that in Bayesian statistics the entire distribution constitutes the Bayesian estimate. Compre-
hensive introductions to Bayesian statistics can be found e.g. in Lee (2012) and Gelman et al.
(2013).

Two of the merits of Bayesian methods are the straightforward ways to include prior knowledge
about the model parameter into the inference problem and to assess the uncertainty about
a parameter estimate e.g. based on the posterior variance (see e.g. Berger, 1985, Chapter
4.1). On the other hand, it is often difficult or not possible to derive analytical results for the
posterior distribution, especially as they tend to be very high-dimensional probability distribu-
tions. However, MCMC methods have proved very useful in this context. They can be used to
draw samples from (almost) any probability density function 7w(0). The idea behind MCMC
methods is to construct a Markov chain, i.e. a discrete-time Markov process, whose stationary
(sometimes also called invariant) distribution corresponds to the target density 7(0). Before
we will introduce some commonly used MCMC methods, we shortly provide some basic theory

of Markov chains in the following subsection.
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2.2.1 A brief introduction to Markov chain theory

This short introduction to some basic concepts about Markov chains is based on the expositions
in Geyer (1992), Chib & Greenberg (1995), and Robert & Casella (2002). For the following
definitions, let (2, F,IP) be a complete probability space and (.5, S) a measurable space, which
we will call the state space. S can be continuous, e.g. (5,S) = (R% B (R?)) where B (R?)
is the Borel o-algebra on R, or discrete, eg. (9,8) = (Zd,P (Zd)) where P (Zd) denotes
the power set of Z¢. Analogously to Definition 2.1, we define a discrete-time Markov process

as follows.

Definition 2.2. A discrete-time stochastic process (X ), is called a Markov chain with

respect to the probability measure P, if for all n € Ng and all xq,...,xn+1 € .5, it holds that
P(X i1 =@ni1|Xo=x0,..., Xpn=2x,) =P (Xpnt1 = Tnt1| X0 = @) (2.5)

given that the conditional probabilities are well defined.

The condition (2.5) is called Markov property and may be interpreted as stating that the
conditional probability of any future state X,,11, given the past states Xg,...,X,—1 and
the present state X,,, only depends on the present state, but is independent of the past
states. A Markov chain is called homogeneous if the conditional probability distribution
P(X,+1 =y|X, =), representing the probability of moving from state x to state y, is
independent of n. The conditional probability distribution is also called transition kernel, and
in the homogeneous case, it can simply be denoted by P(x,y) := P (X, 11 = y|X,, = ) for

x,y € S. The formal definition of a stochastic kernel is as follows:

Definition 2.3. A transition kernel is a function P defined on (S,S) such that

o Vx €S, P(x,.) is a probability measure;

e VAc S, P(.,A) is S-measurable.

Two central questions when studying Markov chains are to find conditions for the existence of
a so-called stationary distribution 7, as well as conditions under which repeated iterations of

the transition kernel of the Markov chain will converge to .

Definition 2.4. A probability measure 7 is stationary (or invariant) for the transition ker-
nel P(.,.) if it satisfies
(A) = / Pz, A)r(dz), VA€ S,
S

16



2.2. Bayesian statistics and MCMC methods

In order to ensure that a stationary distribution exists, one of the prerequisites imposed on the
transition kernel in the setup of MCMC methods is irreducibility.

Definition 2.5. Given a measure ¢ on S, the Markov chain (X,) with transition kernel
P(x,y) is called p-irreducible if for every A € S with p(A) > 0, there exists n such that
P"(x,A) >0 for all x € S, where P"(x, A) denotes the kernel for n transitions obtained by
Pl(z,A) = P(x, A) and P"(x, A) = [ P"'(y, A)P(z,dy).

The property of irreducibility means that the transition kernel allows the chain (X ) to move
across the entire state space S. It implies that the chain can reach any non-zero measure
region of the state space regardless of what the starting value X was. Moreover, there are

the following classification criteria for Markov chains:

Definition 2.6. A Markov chain (X,,) is recurrent if

e there exists a measure ¢ such that (X,,) is ¢-irreducible, and

o for every A € S such that ¢$(A) > 0, Eg[na] = oo for all x € A, where ng =
>0 1 14(X,,) and 1 4(.) denotes the indicator function.
This signifies that a recurrent chain on average visits any set A € § infinitely many times.

Whereas the following property means that the expected return time to any state is finite.

Definition 2.7. A Markov chain (X,,) is positive recurrent if for all states € S, it holds
that E,, [7(x)] < 0o, where 7(x) = inf{n € N: X,, = x}.

A key result from Markov chain theory states that for any irreducible and positive recurrent
Markov chain (X,,), there exists a (up to a constant) unique stationary probability distribu-
tion w. Note that the mere existence and uniqueness of a stationary probability distribution
does not guarantee that a Markov chain will actually converge to this distribution. This be-
havior can be ensured by further properties such as aperiodicity and ergodicity. See Robert &
Casella (2002) for a derivation of these results.

For MCMC methods, the question is not whether an invariant measure exists but quite the
opposite is the case: the density of the invariant measure is known as it is the target density 7 (+)
from which we would like to sample. In order to generate samples from 7 (-), the crucial point is
how to construct a transition kernel P(x,y) whose n'h iteration tends to 7(-) as n grows large.
That means the chain should be able to start at an arbitrary state € S and then after a large
number of iterations, the distribution of the generated samples corresponds approximately to
the target distribution. A useful property of a transition kernel in that regard is the so-called

reversibility or detailed-balance condition.
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Definition 2.8. A Markov chain with transition kernel P satisfies the detailed-balance condi-

tion if there exists a function f satisfying

f(@)P(@,dy) = f(y)P(y,dz), for every z,y € S.

If a Markov chain with transition kernel P satisfies the detailed-balance condition with a
probability density function f, it can be shown that this density f is the invariant density of
the chain (see e.g. Robert & Casella, 2002, Theorem 6.46). The detailed-balance condition
is quite restrictive; however, it is not a necessary but a sufficient condition and usually easy to

check.

2.2.2 Examples of MCMC methods
The Metropolis-Hastings algorithm

A basic but very versatile MCMC method that makes use of the detailed-balance condition and
its consequence is the Metropolis-Hastings algorithm. The algorithm was originally suggested
by Metropolis et al. (1953) to generate Markov chains according to a Boltzmann distribution
and later generalized by Hastings (1970).

In each iteration of the algorithm, a new state y is generated from a proposal density ¢(y|x)
that may depend on the current state & of the Markov chain and satisfies [ q(y|z)dy = 1
(in the case of a discrete state space, the integral is replaced by a sum). In practice, we will
try to choose ¢, of course, such that it is easy to simulate. Apart from that, there are only two
important requirements for ¢: Firstly, the ratio 7(y)/q(y|x) must be known up to a constant
which is independent of @, and secondly, ¢(-|&) must have enough dispersion to ensure that

the entire support of 7 can be explored. Therefore, a minimum requirement is that

U supp(a(-|z)) > supp(n),
x € supp(m)

where supp(g) = {x € S| g(x) > 0} denotes the support of function g.

In order to ensure that the transition kernel of the algorithm satisfies the detailed balance

condition, the proposed state y is only accepted with probability

= min w
ae.y) = min |1, 7000
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which is called the Metropolis-Hastings acceptance probability. If the proposed state is rejected
(which happens with probability 1 — a(x,y)), the chain stays in the current state . The

transition kernel of a Markov chain generated by the Metropolis-Hasting algorithm is thus:

Pun(e.) = awialate.y) + (1- [ awlaiate.n)iy) b ()

where 95 () denotes the Dirac mass in x; and therefore, the second summand gives the
probability of staying in state . We can easily verify that Py satisfies the detailed balance

condition with the target density 7. For the first summand, we have

J(yl@)o(z, y)n(x) = qlyle) min [1%] 7() = min [r(@)q(yle), 7(y)a(]y)
=qg(x min M T|y)o x)m
~ a(aly) min | TV 1] 2(y) — g(ely)aly. 2)r(o).

and for the second summand,

(1 [ atwlorae vy ) sstwinte) = (1= [ atalaty.z)ie) o,
=0, ifx#y.

Hence, the Markov chain generated with the Metropolis-Hastings kernel Py has the target 7
as its stationary distribution. If we let the chain run for infinitely many iterations, we would
obtain a sample distributed according to 7. In practice, of course, it is not possible to let
the chain run infinitely long. For a finite chain, we have to ensure that chain has converged
to sampling from the stationary distribution. We will discuss how this can be assessed in
Section 2.2.3. Moreover, in order to reduce the dependence on the initial state in which the
chain was started and thus to reduce the bias this may cause in a finite sample compared
to the stationary distribution, one usually discards several iterations at the beginning of the
chain as a so-called burn-in or warm-up phase (see e.g. Brooks & Roberts, 1998, Gelman
et al., 2013). We summarize the basic steps of the Metropolis-Hastings algorithm (including
a burn-in phase) in Algorithm 2.2.

The acceptance/rejection decision in Step 2 can be implemented by generating a uniform
random variable u ~ U (0, 1), accepting y if u < a(x,y), and rejecting it otherwise. If the
proposal density is symmetric, i.e. q(y|x) = q(x|y), then the acceptance probability reduces
to a(x,y) = 7(y)/m(x). In this case, the proposed state is always accepted if w(y) > 7(x),
i.e. if the new state increases the value of the target density, otherwise the process will move
to y only with probability 7(y)/7(x) < 1. This property also serves as the basis for several
(stochastic) optimization algorithms such as the simulated annealing algorithm (see Fouskakis
& Draper, 2002, for a review).
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Algorithm 2.2: Metropolis-Hastings algorithm

Input: A target density 7 (-), the proposal density q(-|-), an initial state (%),
number of iterations n, and number of samples to discard as burn-in k.
In each iteration i =1,...,n:
Step 1 Generate a new state y according to g(-|z(~1).
m(y)g(ztVy)
m(@(=D)q(ylz=Y) |

Step 2 Accept y as =) with probability a/(z*~),y) = min |1,

if y is rejected () := (1.

Output: A sample {x**+D .. (™} approximately distributed according to w(-).

Moreover, it is important to note that in general, the calculation of the acceptance probability
a(x,y) does not require us to know the normalization constant of 7(-). As 7(-) appears in
the numerator as well as in the denominator of a(x,y), the normalization constant simply
cancels out. So these are two of the features that make MCMC methods such a powerful
tool in Bayesian statistics. They allow us to simulate Markov chains with a desired stationary
distribution and a corresponding density which in Bayesian statistics will usually be the posterior
distribution, even if it is not possible to sample directly from this distribution. Moreover, for
many of these methods, we only need to be able to evaluate the posterior density up to a
constant, i.e. it is sufficient to be able to evaluate the prior density and the likelihood function

as by Bayes' theorem, we have

p(0|D) xp(D[0)p(0).

Gibbs-sampling

Another very general MCMC method is the Gibbs sampling algorithm named after the physicist
Josia Willard Gibbs by Geman & Geman (1984) (see Brooks et al., 2011, Chapter 2. for a
historical account). Suppose we want to sample from the p-dimensional distribution p (6| D)
for parameter @ € RP. Let 0_; = (0y,...,0;_1,0j41,...,6,) be the vector of all components
of @ except for §; and further suppose that we are able to sample from the (so-called full)

conditional densities p;(6; |@_;,D) for j =1,...,p. Then, in each iteration, the components
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of @ can be updated one-by-one as summarized in Algorithm 2.3 where we also include a

burn-in phase.

Algorithm 2.3: Gibbs sampling algorithm

Input: A target density p(-| D), full conditional densities p;(-|-,D), initial state 0,
number of iterations n, and number of samples to discard as burn-in k.
In each iteration i =1,...,n:
For each index j =1,...,p:
Step j Generate GJ@ according to p; ( ‘ O(f;l),D)

. i—1 i i i—1 i—1
with 61 = (0§>,...,9§21,9§+1),...,e§ )).

Output: A sample {0(’““), ... ,0(”)} approximately distributed according to p(- | D).

Gibbs sampling can be interpreted as a special case of the Metropolis-Hastings algorithm
where in each iteration only one component (or a subset of the components) of the parameter
is updated and every proposal is accepted because with the full conditional density as proposal
density, the acceptance probability is always equal to one (see Lee, 2012, Chapter 9). If several
components are updated at once within one step of the iterations, the procedure is also called
blocked Gibbs sampling. Moreover, in case it is not possible to sample from the full conditional
density directly, we can also use a Metropolis-Hastings draw in each step. This approach is used
in Bayesian data augmentation for the inference for diffusion processes that we will describe

in detail in Section 3.4.1 and investigate further in Chapter 4.

Hamiltonian Monte Carlo methods

The last class of MCMC methods that we want to describe are Hamiltonian Monte Carlo
(HMC) methods (originally called hybrid Monte Carlo methods by Duane et al. (1987)). A
concise description of these methods can be found in Gelman et al. (2013), whereas Betancourt
(2018) gives a rather conceptual introduction, and Neal (2011) gives a detailed account. The
computational cost in each iteration for HMC methods is higher than for basic Gibbs sampling
or Metropolis-Hastings algorithms because HMC makes use of the derivative of the target
distribution, but by that, transitions between the chain states can be generated that efficiently
span the (with respect to the target distribution) important regions of the state space. By
taking into account the information of the gradient, HMC avoids the random walk behavior and
difficulties caused by distributions with high correlations that other MCMC methods exhibit.

Again, we want to sample from the p-dimensional distribution 7 (@) for parameter 8 € RP.

Motivated by the physical concept of Hamiltonian dynamics, HMC introduces an auxiliary
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momentum variables p € R? and draws from a joint density p(€, p) = p(p|0)7(0). The joint

density defines the so-called Hamiltonian
H(8,p) = —1logp(8, p) = —logp(p|6) —logm(8) = K(0,p) + V() (2.6)

that describes the total energy of the system and is equal to the sum of the kinetic energy K
and the potential energy V. In HMC, the distribution of p is usually chosen to be independent
of 8. A common choice is p ~ N(0,, M), where N'(0,, M) denotes the multivariate normal
distribution with mean vector 0,, and covariance matrix M, and M is called the design or (by
analogy to the physical model) mass matrix and often chosen to be a diagonal matrix. Thus,
the kinetic energy becomes

K(p)=p"M 'p/2, (2.7)

where M ™! denotes the inverse matrix of M.

In each iteration of the HMC algorithm, a momentum p is sampled (e. g. from N'(0,, M)) and
then by analogy to the physical model of the frictionless movement of a marble with position 6
and momentum p (describing the marble’'s mass and velocity) across a surface, the dynamics,
i.e. the changes in position and momentum, that preserve the total energy are described by

the Hamiltonian equations

dpi . OH
dt o 06;
d9; OH
dt pi

fori=1,...,p. With the choice of H, K, and V as in Equations (2.6) and (2.7), we have

d
ch = -VoV(0) =V logn(8),

d 2 (2.8)
—=VoK(p) =M"p,

where V, denotes the gradient with respect to . In each iteration, the Equations (2.8) are
numerically integrated to obtain proposals 8 and p*. A common choice of the numerical
integrator is the leap-frog method which first performs half a step for p, then a full step for 0
using the new value of the momentum p1, and finally another half step for p using the new
values p1 and 0*. The used step size € 2and the number L of steps taken in each iteration
are tunian (or hyper) parameters of the algorithm. In a general HMC method, the momentum
variable resulting after the L steps is negated to obtain the proposal (8%, p*), but with the
choice of the distribution of p as above, the negation does not make a difference due to the

symmetry.
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2.2. Bayesian statistics and MCMC methods

Finally an accept-reject step is performed analogously to the Metropolis-Hastings algorithm.
That is the proposals are accepted with probability a(8, p, 8%, p*) = min (1,r) with
(0")p(p* | 6°) -
= TOIR ) o (H(0, p) — H(O",p")).
m(0)p(p|0)

Of the (accepted) proposals, only 6* needs to be saved, as a new value for the momentum is
drawn right at the beginning of each iteration independent of previous values. We summarize
these steps in Algorithm 2.4.

Algorithm 2.4: Hamiltonian Monte Carlo algorithm (with leap-frog integrator)

Input: A target density w(-), an initial state 0%, number of iterations n, mass

matrix M, and step size € and number L of steps for numerical integration.

In each iteration i =1,...,n:
Step 1 Generate p ~ N (0,, M) and set 8" < 00~V and p* « p.
Step 2 Repeat L leap-frog steps by setting:

1
p1 P+ 3¢ Vo log m(6%)
0* «— 0* —l—EM_lp%
* 1 *
PPyt QEVQ log m(0%)
Step 3 Accept 8* as 8() with probability

a(G(i_l), p, 0", p*) = min [1,exp (H(O(i_l), p) — H(O6", p*))] ,

if 0* is rejected () := g0~ 1).
Output: A sample {0(1), .. ,0(”)} approximately distributed according to 7 (-).

Two of the limitations of this general HMC algorithm are on the one hand that due to the use
of the derivative with respect to the parameter, it is only suitable for continuous distributions,
and on the other hand, the choice of the tuning parameters is of crucial importance to the
performance of the algorithm and can be cumbersome. The tuning parameters include the

mass matrix M, and step size € and number L of steps for numerical integration.

An extension of HMC, the No-U-Turn Sampler (NUTS), introduced by Hoffman & Gelman
(2014) includes a way to automatically determine the number L of steps for numerical in-
tegration using an recursive algorithm that grows a binary tree representing leap-frog steps
forward and backward in time which is stopped as soon as further steps do no longer increase
the distance between a newly explored point and the original starting point (i.e. as soon as

the steps start to make a U-turn).
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Chapter 2. Background

An efficient C++ implementation of NUTS is provided in the open-source Bayesian inference
package called Stan (Carpenter et al., 2017) which we make use of several times in this thesis
through its R interface rstan (Stan Development Team, 2019). In Stan, the gradient of
the log-posterior distribution is calculated (exactly) by reverse-mode automatic differentiation
(Carpenter et al., 2015). Moreover, Stan can automatically optimize the step size € to match a
(user-defined) acceptance-rate target based on dual averaging as proposed by Nesterov (2009)

and it also estimates the mass matrix M during a warm-up phase consisting of several stages.

HMC methods that use a fixed symmetric, positive-definite mass matrix M throughout the
algorithm are also called Euclidean HMC. Whereas methods that adapt the matrix M to the
local structure are called Riemann manifold HMC methods and are supposed to allow even
more "efficient convergence and exploration of the target density” (Girolami & Calderhead,
2011). However, there is evidence that numerical integration can be unstable for Riemann
manifold HMC methods for different reasons including the geometry of the target density as
well as the implementation of the integrator; and therefore, Riemann manifold HMC methods
are not included in Stan and it is rather recommended to reparameterize the considered model

to improve sampling efficiency (see e.g. Betancourt, 2019, Betancourt et al., 2015).

There is a plethora of other MCMC methods each having its advantages and disadvantages
depending on the structure of the considered model. Here, we have only introduced those
methods that will be used in this thesis. For an overview of further methods see e. g. Brooks
et al. (2011). The need for a benchmarking framework to evaluate the performance of the
many different algorithms is addressed by Ballnus et al. (2017) in the context of dynamical
systems modeled by ODEs. We will give a short overview of how to assess the performance of

an MCMC methods based on its output in the next subsection.

2.2.3 Evaluating MCMC output

While in theory, any MCMC method (for which convergence of the transition kernel is ensured)
will give a sample from the target distribution if infinitely many iterations are executed; in
practice, the sample size can only be finite. We have already mentioned this as a reason to cut
off a burn-in/warm-up phase at the beginning of the iterations in order to reduce the chance
of bias due to the starting value. In general, the finite sample size leads to the necessity to

carefully evaluate the MCMC output.

Visual inspection to asses the obtained MCMC chains is still common practice, but also several
so-called convergence tests can be found in literature (see e.g. Brooks & Roberts, 1998).
They aim to assess whether an MCMC chain has already converged to the target distribution.

However, similar to most hypothesis tests, they are not able to proof convergence but may only
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2.2. Bayesian statistics and MCMC methods

suggest that there is substantial evidence against the hypothesis that a chain has converged.
A quantity that can be used to quantify the degree of convergence when several chains have
been simulated is the R value. The R convergence (or rather stationarity) diagnostic compares
the between- and within-chain variance for individual model parameters and other univariate
quantities of interest. Assume we are considering the scalar parameter ¢ for which we have
simulations ; ; for ¢ = 1,...,n and j = 1,...,m and for m chains (after discarding the
warm-up iterations and then splitting each simulated chain in half) of length n. Let

11
T ow B (2.9)

@it (v D) =

be an estimate for the marginal posterior variance of ¢, where the within-sequence variance W
is defined by

n
2 ].

1 = , , AL

j=1 i=1

and the between-sequence variance B is defined by

B:

n

m
m -

1 Z(’lb_] — 1&)2 with 7,/}_.3‘ = %sz] and Qb_ = L Z@/J_j
i=1

Jj=1

Then, R is defined as
. var™ (1 | D)
R R S
w

Due to the splitting of chains in half, R calculated in this way is also known as split-R and
was suggested in Gelman et al. (2013). The value can be interpreted as the factor by which
the scale of the distribution of the current simulations for i) can be reduced by continuing
the number of iterations to infinity. If chains have mixed well, R is close to 1. Gelman et al.
(2013) state that values up to 1.1 are acceptable. The R reported by Stan is calculated as the
maximum of a so-called rank-normalized split—f{ and a rank-normalized foIded—spIit—R which

was recently suggested by Vehtari et al. (2020).

Another issue in MCMC sampling is the fact that the draws are not independent but may
even be highly correlated. There are two main causes of high auto-correlation within a chain:
the first may be that only small steps are proposed, so the consecutive chain states are very
close to each other; and the second may be a low acceptance rate (which is the proportion of
proposals that is accepted) such that many consecutive chain states are even equal to each
other. Unfortunately, there is usually a trade-off between large steps and high acceptance
rates as large steps tend to lead to lower acceptance probability. It is important to keep in

mind that such a correlated sample from the parameter posterior distribution does not contain
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the same amount of information as an independent and identically distributed sample. This
issue is addressed by the notion of the effective sample size (ESS). The ESS of a sample of
correlated draws quantifies the size of a corresponding independent and identically distributed

sample that contains the same amount information.

The ESS for a sample of scalar parameter 1) consisting of m chains each of length n (again

after discarding warm-up iterations but without splitting of the chains) can be defined as

mn

Neff = T a~=00
° 14+23372 ot

where p; is the autocorrelation of the sequence v at lag ¢. This quantity can be approximated
in different ways. Here, we give the approximation that is presented in Gelman et al. (2013)

and implemented in rstan. The estimated autocorrelations p; are computed as

s 1 Vi
pr=1—-—"—F"—-
2var ' (¢ | D)
fort =1,...,T and, where the estimate var" for the marginal posterior variance is calculated

as in (2.9) and the variogram V; at lag t is calculated as

n

Vi = m(nl—t) 2 2 Wiy —iery)”

The maximal considered lag 7" is chosen to be the first odd positive integer for which pry1 +

P2 is negative and finally, the ESS is approximated by

A mn
TS S

Gelman et al. (2013) recommend that a minimum ESS of 10 per simulated chain is achieved.

The between-chain information is taken into account in the calculation of fi.g by including

the term vart (¢ | D). Thus, the ESS is affected when we try to sample from multi-modal

distributions. In fact, in the case of well-separated modes and each chain sampling only from

one of these modes, the ESS roughly equals to the number chains divided by the number of

modes.

Vats et al. (2019) also introduced a way to calculate a multivariate ESS and provide an

implementation in the R package mcmcse (Flegal et al., 2020).

Finally, we would like to point out that the common practice of thinning the output chains,

lth

i.e. only keeping every ['" element and discarding the rest of the chain before further analysis,

in order to reduce autocorrelation within the sample is in fact advised against by many MCMC
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experts (see e.g. Geyer, 1992, Maceachern & Berliner, 1994). Link & Eaton (2012) state
that “Thinning is often unnecessary and always inefficient, reducing the precision with which
features of the Markov chain are summarised.” The few reasons that justify a use of thinning
include on the one hand a limitation in memory or storage capacity which nowadays will rarely
be the case. And on the other hand, if generating further samples is less computationally
costly than the post-processing of the samples, thinning may also be justified. Owen (2017)
investigates how to determine an optimal thinning frequency in such a case.

We describe some further diagnostics specific to HMC and NUTS in Appendix A.3.1.

2.3 Parameter identifiability

Another important aspect when considering parameter inference problems is the concept of
parameter identifiability which is about the question whether the parameters of a model can be
estimated from a given data set or type. There are two notions with respect to identifiability
(Raue et al., 2009): Structural identifiability exclusively considers the structure of the model
including the model of the observations (sometimes called the observable map) and answers
the question whether the parameters can be uniquely determined if we are given perfect data,
i.e. an infinite amount of data observed without measurement error and continuously in time.
Whereas practical identifiability is concerned with the question whether the parameters can be
determined from a specific data set (which is always finite and usually subject to measurement

error).

Let My be a dynamical model parameterized by a p-dimensional parameter § € © from an
open set © € RP and let ¥(0,t) be the “output” of My at time ¢t > ty. For a deterministic
model, U(0,t) is a (vector-valued) function of the parameter € for every time point t > tg
and is also known as the observable(s). For a stochastic model, ¥(6,t) can be thought of as
the probability measure induced by the random variable of the observable components of the
process state at time point t. Then, we can define the following notions analogously to Chis
et al. (2011a) for the deterministic case and loosely following Reiersgl (1950) and Rothenberg
(1971) for the stochastic case.

Definition 2.9. A parameter component 0;, i = 1,...,p, is structurally globally (or uniquely)
identifiable if for any 0,0’ € ©, it holds that

U0,t) =0 t) = 6=0  forallt>1.
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Definition 2.10. A parameter component 0;, i = 1,...,p, is structurally locally identifiable

if for any 6 € ©, there exists a neighborhood Ny such that
0 € Ny and V(0,t) =0 (0,t) = 0=0¢ for all t > to.

Definition 2.11. A parameter component 0;, i = 1,...,p, is structurally non-identifiable if

for any 6 € O, there exists no neighborhood Ny such that

0 € Ng and V(0,t)=V(0',t) = 0=40¢ for all t > t.

For ODE models, structural (as well as practical) identifiability analysis is a common step in the
modeling process and design of experiments (Brouwer et al., 2017, Hengl et al., 2007, Janzén
et al., 2016, Raue et al., 2010). And there exist several software tools to assess structural
identifiability for ODE models such as DAISY that implements a differential algebra approach
(Bellu et al., 2007), GenSSlI that implements a generating series approach (Chis et al., 2011b),
and its extension GenSSl 2.0 that also allows for multi-experiment structural identifiability
analysis (Ligon et al., 2017). In contrast with that, there exists hardly any literature on
structural identifiability analysis for SDE models which is probably due to the complex nature
of the problem. One would have to consider and compare infinite-dimensional probability
distributions, and in addition to that, the distributions are not tractable for most models. One
approach to structural identifiability analysis for SDE models has recently been suggested by
Browning et al. (2020). It determines the moment equations of the SDE and uses them as a
surrogate model which consists of ODEs. Thus, the tools for ODE models as mentioned above
can be applied. Also, Komorowski et al. (2011) consider identifiability analysis for the LNA in
the context of maximum likelihood estimation; however, this approach is not transferable to

general SDEs.

Practical identifiability “depends more stongly on the inferential framework and is less clearly
defined in the literature” (Simpson et al., 2020). It is concerned with the question whether for
a given level of credibility or confidence, we can determine a finite or rather sufficiently narrow
interval estimate for a parameter given real and thus imperfect data (i. e. a finite dataset which
is usually subject to measurement error). Since we apply Bayesian inference methods, we are
interested in credible intervals (Cls) and introduce them analogously to Held & Sabanés Bové
(2020, Chapter 6):

For a given credible level a € (0,1), a credible interval C* C R for parameter component 6;,

1=1,...,p, is an interval such that
/ p(0]D)d =1 - a, (2.10)
{0cO|0;€C}
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whereby C£* is not uniquely determined.

There are different approaches to calculate credible (or confidence) intervals. A Bayesian coun-
terpart of the profile likelihood calculation from the context of maximum likelihood estimation

(Raue et al., 2009) is the calculation of the profile posterior

PP(6; | D) = max[p(0 | D)],
O
where for a given value of parameter component 0;, i = 1,...,p, the (unnormalized) posterior
density p(0|D) is maximized with respect to all other parameter components (Raue et al.,
2013). However, for SDE models, it is not generally possible to calculate the profile posterior

analytically, since the likelihood and thus the posterior density are usually not tractable.

An alternative is the calculation of credible intervals based on an MCMC sample (Hines et al.,
2014, Simpson et al., 2020). There are different ways how to calculate Cls from a sample
(McElreath, 2016, Chapter 3.2). Two commonly used ways are the following: For a posterior
sample O',..., 0™, the simplest approach to calculate the Cl of parameter component 6;,
i=1,...,p, is to (implicitly) marginalize over all other parameter components and set

cp = {6:10"? <0, <6l' P,

(2

where 91@

denotes the S-quantile of the sample. Another approach is to arrange the sample
in descending order with respect to the corresponding posterior value p(67 | D), j =1,...,n,
determine the (1 — «)-quantile g;—,, of the reordered posterior values, and then calculate the
range of all values 6 such that p(65| D) > q1_, as the CI C®. The Cl obtained in the latter

way corresponds to a highest probability density interval (HPDI).

A parameter is considered practically identifiable if the obtained Cl is sufficiently tight, but
there is no general quantitative rule what "sufficiently tight” means. Moreover, Raue et al.
(2013) demonstrate that the Cls obtained from the profile posterior do not necessarily agree
with the Cls obtained based on MCMC samples in the presence of parameter non-identifiability.
The MCMC Cls may indicate non-identifiabilities where the profile posterior Cls do not and
one has to carefully check the MCMC diagnostics to ensure meaningful results. Then again,
for the SDE models as we consider them in this thesis, only inference methods based on
MCMC sampling are feasible as will be explained in detail in the next chapter and carefully

assessing MCMC diagnostics is a prerequisite for meaningful inference in any case.
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Chapter 3

Ito diffusion processes

In this chapter, we define what 1t6 diffusion processes are, give some of their properties and
some examples, and show how they can be approximated and how parameter inference can be
performed for them. Parts of this chapter, in particular Section 3.4.1, are similar or identical

to the following article:

Pieschner, S. & Fuchs, C. (2020). Bayesian inference for diffusion processes: using higher-order

approximations for transition densities. Royal Society Open Science, 7(10), 200270.

3.1 Definition and basic properties

Let (2, F,IP) be a given complete probability space with sample space (2, o-algebra F, and
probability measure P defined on (€2, F) and let this space be equipped with a filtration
F = {Fi}iepo,1) of o-fields contained in F.

In this thesis, we consider parametric time-homogeneous It6 diffusion processes and infer-
ence for such processes which we will simply call diffusion processes. A d-dimensional time-
homogeneous Ité diffusion process (X),~ is a stochastic process that fulfills the following
stochastic differential equation (SDE): -

dXt:[,l,(Xt,O) dt"‘O’(Xt,g) dBt7 X():.’L‘(), (31)

with state space X C R? starting value &g € X, and an r-dimensional Brownian mo-
tion (By¢),~y. The model parameter & € © is from an open set © C RP. The function
1 R? x © — R% is usually called the drift coefficient and o : R? x © — R*" the diffusion
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coefficient. Equation (3.1) is a symbolic way of writing the stochastic integral equation
t t

X, =xg —|—/ p(Xs,0) ds —|—/ o (X;,0)dBg forallt >0 P-almost surely,
0 0

where the first integral is an ordinary Riemann integral and the second integral is a stochastic
integral in the 1t sense. In the remainder of this section, we omit the dependence of p and o
on the parameter @ and focus on some general properties and results for diffusion processes.
More elaborate and general introductions to SDEs can be found e.g. in @ksendal (2003),
Klebaner (2005), Fuchs (2013), and Braumann (2019).

The following theorem provides conditions that ensure the existence and uniqueness of a
solution for SDE (3.1).

Theorem 3.1 (Existence and uniqueness theorem, (@ksendal, 2003)). Let T > 0 and p :
R? - R?, o : R? — R¥*" be measurable functions satisfying

(@) — p@)l +llo(@) — oy < Cillz—yl,  zyeR (32)

for some positive constant Cy, where |o|?> =3 |oi;|?.
Let Z be a random variable which is independent of the o-algebra ]:g) generated by the
Brownian motion {B;}s>o and such that E[|| Z|]?] < oo.
Then the SDE
dX; = p(x)dt + o(x) dBy, 0<t<T, Xo=2

has a unique continuous solution X (w) with the property that X,(w) is adapted to the
filtration F7 generated by Z and { Bs}o<s<; and E [f(;f HXtHth} < 0.

The solution X is called a strong solution as it is some functional F'(t, (Bs,s < t)) of a given
Brownian motion B;. The Lipschitz condition (3.2) ensures the (pathwise) uniqueness of the

solution, i.e. given two continuous solutions X; and X, we have

]P’( sup \Xt—Xﬂ—0> =1
0<t<T

For our case of time-homogeneous coefficient functions p and o, Condition (3.2) also implies
the linear growth bound which ensures that the solution does not explode on [0, 7]. The linear

growth bound for time-dependent coefficient functions fi(x,t) and &(x,t) is fulfilled if
|i2(z, )| + |6 (z, )] < Co(1 + ||2[), = eRY te(0,T]
for some positive constant Cy (cf. @ksendal, 2003, p. 70).
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Lipschitz continuity and linear growth bounds are the standard conditions to ensure existence
and uniqueness of the solution. For several of the models which are studied in this thesis,
however, the Lipschitz condition does not hold due to the occurrence of the square root
function in the diffusion coefficient. Consequently, we need to consider weaker assumptions
that lead to existence and uniqueness. For this reason, let us define the notion of weak

solutions.

Definition 3.2. Given the coefficient functions p : R¢ — R% and o : R — R¥*" the process
X is a called a weak solution if there exist a probability space (0, F,P), a filtration {F;}>0,
and a Brownian motion Bt with respect to .7:} such that

t t
Xt:X0+/ u(XS,G) ds+/ U(Xs,e) dB,,
0 0
where X, is F;-adapted and has continuous paths with probability one.

There are a number of theorems about the existence of weak solutions. lkeda & Watanabe
(1981, Theorem 2.3, p. 159) ensure the existence of weak solutions if the coefficient functions p
and o are continuous. Moreover, their following theorem gives conditions to ensure existence

of weak solutions with finite second moments and that do not explode.

Theorem 3.3 (lkeda & Watanabe (1981, Theorem 2.4, p. 163)). If u(x) and o(x) are
continuous and satisfy the condition

|u(@)| + llo@)|” < Cs (1+|?)

for some positive constant C'3, then for any solution of Equation (3.1) with E (HX(O) H2> < 00,

we have E <||X(t)\|2) < oo for allt > 0. Thus, X (t) is almost surely non-explosive.

Remark 3.1. Weak existence and pathwise uniqueness imply strong existence: If Xy and Y
are weak solutions defined on the same probability space with the same initial condition and

the same Brownian motion and pathwise uniqueness holds, i. e.
P{X, =Y, forallt >0} =1,

then X (and Y;) are also the strong solution. This is proved in Karatzas & Shreve (1998,
Chapter 5.3.D).

In the case of one-dimensional processes, pathwise uniqueness can be ensured based on the

following corollary where o is called Holder continuous with exponent « if
lo(x) —o@)| < Cullz—y|*,  =yeR’
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for some positive constant Cy.

Corollary 3.4 (lkeda & Watanabe (1981), Corollary, p. 168). If p is Lipschitz continuous and
o is Hélder continuous with exponent 1/2, then the pathwise uniqueness of solutions holds
for Equation (3.1) in the case d = 1.

In the following, we list some basic properties of diffusion processes. In this thesis, we do not
distinguish between stochastic processes which are stochastic modifications and assume that

the considered processes are separable and continuous in t.

The quadratic variation of the sample paths of an It6 diffusion process (X;),~, on a time

interval [s, ] is

n Tr t
XXl = Jim, 3 (X0 = X0, ) (X0 = X ) = [ oot

(3.3)

where the limit is in probability taken over partitions s = tén) < tgn) < ... < t,(ln) = t with
5. = ) (n) _ ,(n)
n maxlglgn ti tifl .

Moreover, the diffusion process X; satisfies the Markov property, i.e. forany 0 < s <t <T
and any Borel set B € B(X), we have

P(X,€B|X,0<u<s)=P(X;,€B|X,). (3.4)

The Markov property signifies that conditioned on the present state of the process, future states
are independent of the past. Regarded as a Markov process, X; can also be characterized by
its initial distribution P(X ) and the transition probability distributions which are conditional
distributions defined by the transition probability

P(X: e B|X;=x) =/p(s,w;t,y)dy
B

for 0 < s < tand B € B(X). The transition probability is the probability that the process will
transition from state & € X" at time s to state y € X" at time t > s. p(s,x;t,y) denotes the
probability density function of the transition probability distribution and is called the transition

density. For s = t, we define p(s, x;s,y) := d(y — x), where J is the Dirac delta function.

The It integral and thus also It6 diffusion processes do not adhere to the rules of classical
calculus. Instead, the following theorem states the stochastic counterpart of the chain rule

from classical calculus which is known as [/t6 formula. The formulation of the Itd formula
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specific for It diffusion processes as we state it here follows directly from the general 1t
formula as stated in @ksendal (2003, Chapter 4.2).

Theorem 3.5 (Itd formula). Let X be a d-dimensional Ité diffusion process described by an
SDE as in (3.1). Let g(t,x) = (q1(t, ), ..., g94(t,x)) be a map from [0,T] x R into RY with
continuous first-order partial derivatives in t and continuous first- and second-order partial

derivatives in x. Then the process
Y(t,w) =g(t, Xy)

is an Ité process whose k" component Y %) s given by

8 a 92 . .
(k) — E( 2(2 9k (@ . ()
dY t X dt + D () (t, X dx @ 83:()83;(7 t X)dX dXV/,

ot
+ (Var(t, X)) " o(X) dBy, (3.5)

<89’“ (t, X) + p(X) T Vgp(t, X) + %trace (U(X)U(X)T’V (ng(t,X)))> dt

where V gy, denotes the gradient of g;. with respect to the components of x and d X @).4x0G) s
computed according to the rules AB® - dt = dt-dBY) = (dt)* = 0 and dB®W -dBY) = §;; dt
with d;; denoting the Kronecker delta.

3.2 Example models

In this section, we briefly introduce two simple, well-known examples of diffusion processes that
we use as illustrative examples and as benchmark models in Chapter 4. The first example is the

geometric Brownian motion (GBM) which is described by the following one-dimensional SDE:
dX; = aX;dt + o X;dB;, Xg= xp, (36)

with state space X = R, starting value xy € X and the two-dimensional parameter 8 =
(a,a)T, where oo € R and 0 € R4, Ry being the set of all strictly positive real numbers. The
GBM is famous in finance where it models asset prices and is also known as the Black-Scholes-
model (see e.g. Black & Scholes, 1973, Merton, 1973). Braumann (2019) also considers the
GBM to model population growth. For us, the GBM is especially suitable as a benchmark
model because it has an explicit solution. The stochastic process

1
X = xgexp <<a — 202> t+ aBt>
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fulfills (3.6) for all t > 0. Hence, the multiplicative increments of the GBM are log-normally

distributed as follows:
X 1
=t NEN((Q— 202> (t—s),0° (t—s))

for t > s > 0, and the transition density P (X; = y | Xs = =) which we denote by p (s, z;t,y)

1 <logy —logz — (0‘ - ;‘72> - S)>2 . (37)

$,T;t,y) =—————exp | —
p( u) 27(t — s)oy P 202%(t — s)

is explicitly known as

A derivation of the solution of the GBM and its transition density can be found in lacus (2008).
Figure 3.1 presents realizations of the GBM for two different parameter combinations.

700
600 —
500 —
X, 400 —
300
200 —

100 —

O_

0 01 02 03 04 05 06 07 08 09 1 0 01 02 03 04 05 06 07 08 09 1
time time

(@) a=1,0%=025 (b) a=1,0%=2

Figure 3.1: Ten trajectories of the GBM described by SDE (3.6) with starting value Xy = 100
and for different parameter combinations. The dashed black line represents the expected value
of the GBM solution E [X;] = X exp(at).

In some contexts, one considers the logarithm of the GBM, log X}, which is simply a normally

distributed random variable for fixed ¢, with corresponding SDE
1
d (log X3) = <a - 20'2) dt + o dB;, log Xg = log . (3.8)

However, we do not employ this transformation here because of the constant diffusion function
in (3.8). For the log-transformed GBM, the approximation methods that we will introduce in
the next section and that we wish to compare in Chapter 4 would yield an identical approxi-

mation.
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3.3. Approximation of the solution of a SDE

Our second example model is the Cox-Ingersoll-Ross (CIR) process which fulfills the one-
dimensional SDE
dX; :a(ﬁ—Xt) dt + o/ X:dB;, Xy = x, (39)

with starting value zop € R, and parameters a, 3,0 € R. If 203 > o2, the process is strictly
positive (i.e. X = Ry ) otherwise it is non-negative (i.e. X = Ry). This model was originally
introduced by Feller (1951a,b) to model population growth. Later, Cox, Ingersoll, and Ross
used it to model the evolution of short-term interest rates in Cox et al. (1985) and it became
well-known in finance under their names. The CIR process is also used as the volatility process
in the Heston model introduced by Heston (1993). Etchegaray & Meunier (2019) employ the

CIR process to model bond dynamics in cell adhesion.

The transition density of the CIR process is explicitly known as
n
p(s,x;t,y) =c (%) ? e_(“J”’)I,,(Z\/uv) (3.10)

for t > s > 0, where

— 20 _ —a(t—s) _ _ 208
6_0-2(1_6—04(75—8))’ u = cxe , v =cy, n—?—l,

and I,, denotes the modified Bessel function of the first kind of order 7, i.e.

N 2k+n 1
L) :kzzo<2> KIT(k+n+1)

for z € R, where I is the Gamma function (see e. g. Fuchs, 2013). A derivation of the transition
density is provided in Jeanblanc et al. (2009, Chapter 6.3). There are several algorithms to
generate samples from this density (see e.g. Alfonsi, 2015, Glasserman, 2003). We use the
algorithm presented in Glasserman (2003, p. 124) and state it in Appendix A.1. Figure 3.2

shows realizations of the CIR process for two different parameter combinations.

3.3 Approximation of the solution of an SDE

Unlike the example models from the previous section, most SDEs do not have an analytical
solution and their transition densities are not explicitly known. Instead, numerical approxima-
tion schemes are used for the solution of the SDEs. Kloeden & Platen (1992) have provided

a detailed description of these methods.
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time time

@ a=28=10"=0.25 (b)a=1,8=1,0"=2

Figure 3.2: Ten trajectories of the CIR process described by SDE (3.9) with starting value
Xo = 10 and for different parameter combinations. The dashed black line represents the
expected value of the CIR process E [X;] = 8 — (8 — Xo) exp(—at).

The numerical approximation schemes are evaluated through their convergence property. A
discrete-time approximation Y2 with maximum time step A > 0 converges strongly to the
solution X 7 of a given SDE at time T if

tio (% — ¥2) =0

To compare different approximation schemes, one usually considers their rates of strong con-
vergence. A discrete-time approximation Y2 with maximum time step A > 0 converges with
strong order v > 0 to the solution X7 of a given SDE at time T if there exists a positive
constant C independent of A and a Ay > 0 such that

E (X7 - Y3]) < ca”

for all A € (0,Aq). Strong convergence ensures a pathwise approximation of the solution
process (X),~ of the given SDE as shown in Kloeden & Neuenkirch (2007). The higher the
order of strong convergence is, the faster the mean absolute error between the approximation

and the solution decreases as the maximum time step size A decreases.

Several of the approximation schemes are based on the /t6- Taylor expansion. This stochastic
counterpart of the Taylor expansion is obtained by iteratively applying the 1t6 formula (3.5) to
the coefficient functions of SDE (3.1) which are assumed to be sufficiently smooth real-valued

functions satisfying a linear growth bound. For the it" component of the process X, the

38



3.3. Approximation of the solution of a SDE

expansion reads

. t r t
X = X+ (X)) [ s+ Y oulXy) [ aBY

to =1 to
r r d 9o+
il
F 30D 0 (X)) 575 (Xu) / / aBWdBY + RY
I=1 ¢=1 j=1 0
for i = 1,...,d and with remainder term R that contains further multiple 1t integrals but

with non-constant integrands.

The most commonly used approximation is the Euler(-Maruyama) scheme which contains
only the time component and the stochastic integral of multiplicity one from the 1t5-Taylor
expansion and was first investigated by Maruyama (1955). It can be conveniently written in
vector notation and approximates the d-dimensional solution (X),5, of an SDE by setting

Y = x( and, then, successively calculating the following:
Y :Yk+N(Yk) Atk—i-U(Yk) ABy., (3.11)

where Aty = tp11 —tg, ABy = By, ., — By, and Y, is the approximation of X, for
kE=0,1,2,... . If the coefficient functions p and o fulfill the Lipschitz (and the linear

growth) condition, the Euler scheme has strong order of convergence v = 0.5.

By adding another term of the It5-Taylor expansion to Equation (3.11), one obtains the Milstein
scheme that approximates the d-dimensional process (X),~ by setting Yo = x¢ and, then,

successively calculating for the it" component:

=1

r r d
+ZZZajq(Yk 80” (Y) /tm/ dB@4B®
ty

=1 g=1 j=1

(3.12)

fork=0,1,...andi=1, ..., d.

When o (Y is constant in Y, the last term vanishes and the Milstein scheme reduces to the
Euler scheme. If u is once continuously differentiable and o is twice continuously differentiable
with uniformly Lipschitz continuous derivatives, then the Milstein scheme is strongly convergent
of order 1.0, which is higher than that of the Euler scheme. An illustration of this difference in
the convergence rates for the simulation of SDE trajectories is presented e. g. in Bayram et al.
(2018).
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Note that the stated orders of strong convergence for the two schemes assume Lipschitz
continuity of the coefficient functions. As already mentioned this condition is not fulfilled for
several of the models considered in this thesis. Gyongy & Rasonyi (2011) provide convergence
rates for the Euler scheme under weaker assumptions. For the case of %—Hélder continuous
diffusion functions and a discretization time step of A = T'/n, they show in their Theorem
2.1 that the Euler scheme achieves only a slower strong convergence rate of 1/Inn (instead
of A2).

For the CIR process, Hefter & Herzwurm (2018) prove the strong convergence of a Milstein-
type approximation scheme. They state that for values X; “away” from zero their scheme
coincides with the classical Milstein scheme as described above. Moreover, the scheme has a
strong rate of convergence of n~ (379 for some small > 0 (instead of A') which converges

to zero faster than 1/Inn as n tends to infinity.

To prove the strong convergence under weaker assumptions, a different representation of the
Euler scheme is usually considered in the literature. As in Gyongy & Résonyi (2011), we define
the functions r, : [0, 7] — [0, for n > 1 by setting i, (7)) := 22T and

/Qn(t)zg forggtgw

3.13

and for i = 0,...,n — 1. Then the Euler approximations of the solution X (¢), ¢t € [0,T], of

Equation (3.1) can be defined as the solutions of
dX,(t) = (X p(kn(t))) dt + o( X (kn(t))) dB(1), X, (0) = x, (3.14)

for each n > 1.

For the Euler approximation of a one-dimensional diffusion process, Gyongy & Rasonyi (2011)
state the following bounds that can be derived from Krylov (1980, Corollary 12, p. 86).

Lemma 3.6 (Gyongy & Résonyi (2011), Lemma 1.2 and Remark 1.2.). Assume that p and

o satisfy the linear growth condition, i. e.
(@) +llo(@)]| < KL +[zf), =€k,

with some K > 0. For each p > 0, there is C' > 0, independent of n, such that

E | sup |Xn(t)["

0<t<T

< C(1 + )P (3.15)
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for all n, where C is a constant depending on T, p, and K. Moreover, there is C' > 0,

independent of n, such that

C
E X,(t) = Xu(kn()P| < —5 3.16
O;IETI (t) (B < 75 (3.16)

for all n, where C' is a constant depending on T, p, xg, and K.

Corollary 3.7 (Gyongy & Rasonyi (2011) Corollary 2.3). Let p be Lipschitz continuous and
o Hélder continuous and let xg € R. Then there is a constant C depending on K, T, and
(w0)? such that for all n. > 2 we have

E

0<t<T Inn

sup ]X(t)—X”(t)\] < < (3.17)

We will use these results for the proof of convergence of the Euler scheme for the application

model in Section 5.3.2.

3.4 Inference for SDEs

In this thesis, we assume the drift coefficient p and the diffusion coefficient o of SDE (3.1) to
be known in parametric form and summarize methods to infer the parameter 8 € R?. A more
detailed overview of these methods can be found e.g. in Sgrensen (2004), Fuchs (2013), and

the references therein.

Inference would be straight forward in the hypothetical case of observing a trajectory of
X = (X4t)t>0 continuously over a time interval [r,s]. In this case, the components of the
parameter @ that appear in the diffusion coefficient can be directly determined from Rela-
tionship (3.3) between the quadratic variation and the diffusion coefficient. Afterwards, the
(log-)likelihood function of the remaining parameter components can be constructed using
Girsanov's formula and then maximized to obtain an estimate for @. This approach is pre-
sented for linear SDEs in Le Breton (1977) and described for general SDEs in Fuchs (2013,
Chapter 6.1).

However, in practice, the continuous-time observation of a process is not possible. Therefore,
the inference problem needs to be considered for states xg,x1,...,x, of X observed at
discrete time points 0 = tg < t; < ... < t,. Different asymptotic observation schemes have
been investigated in the literature. Assuming that the states are observed with equidistant time

step A between consecutive observations on a time interval [0,T] with T' = ¢, = nA, lacus
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(2008) uses the following terms for the different schemes: In the large-sample scheme, the
time step A remains fixed and T tends to infinity as n — oo. In the high-frequency scheme,
the upper bound T of the time interval is fixed and the time step A = A,, goes to zero as
n — oo. And finally, in the rapidly increasing design, A = A, goes to zero and T increases
as n — oo. While the last two schemes are more convenient from a theoretical point of view
as their limit corresponds to continuous-time observations, sometimes only the large-sample

scheme is realistic in practice.

If the SDE vyields an analytical solution, the transition densities of the corresponding diffusion
process are explicitly known and parameter estimation can be easily performed through a
maximum likelihood approach, as demonstrated e.g. in Dacunha-Castelle & Florens-Zmirou
(1986). Due to the Markov property of diffusion process X, the likelihood function of @

factorizes as
n—1

Ln(0) = ] po(tr, or; tasr, ors1) (3.18)
k=0

and can be evaluated based on the transition densities pg known up to the parameter 6. Yet
again this procedure is only of little practical use as in the majority of applications, the SDE
model does not have an analytical solution and the transition densities are intractable. Thus,

exact maximum likelihood estimation is usually not possible.

Instead, approximate (sometimes also called quasi or pseudo) maximum likelihood estimation
can be performed by appropriately approximating the likelihood function. The most naive and
at the same time straight forward approach is to approximate the transition density based on
the Euler scheme (3.11). Since the Euler scheme is a linear transformation of the normally-
distributed increments ABy, ~ N (0, AtiI,) of the Brownian motion, where I, denotes the
r-dimensional identity matrix, the transition density derived from the Euler scheme is also a

multivariate Gaussian density:

Po(tk, Tis th1, Th1) = @ (mk+1 |z, + p (25, 0) Aty, 0 (x1,0) 0" (21, 0) Atk)

for k = 0,...,n — 1 and where ¢ (y|a,b) denotes the multivariate Gaussian density with
mean a € R?% and covariance matrix b € R%*? evaluated at y € R?. Hence, the approximated
likelihood function becomes

n—1

chuer9) = T ¢ (mkﬂ |2k + (5, 8) Aty 0 (4, 0) 0™ (x4, 0) Atk) . (3.19)
k=0

For the large-sample scheme (where the time step between observations is fixed), this naive
approximate maximum likelihood estimator has been shown to be biased and thus inconsistent

as n — oo e.g. in Florens-Zmirou (1989) and Lo (1988). For a given dataset, the time step
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and the number of observations is always fixed of course in practice; therefore, when using
this fairly simple approach one has to ensure that the time step between observations is small

enough. However, there are no general rules what "small enough” means.

In many applications, the time step is rather large. In this case, one has to use more sophisti-
cated approximations for the likelihood or turn to different inference approaches. One way to
analytically approximate the transition density (and hence the likelihood) was proposed by Ait-
Sahalia (2002) for one-dimensional diffusion processes and extended to the multi-dimensional
case by Ait-Sahalia (2008). The approach involves an expansion based on modified Hermite
polynomials and the transformation of the diffusion X into a diffusion Y whose diffusion ma-
trix is the identity matrix. This transformation into a so-called unit diffusion, however, is not

generally possible for multi-dimensional diffusions.

The local linearization method is another approach that potentially makes use of the transfor-
mation into a unit diffusion. It has been described in Shoji & Ozaki (1998b) for one-dimensional
diffusion processes and extended to the multi-dimensional case in Shoji & Ozaki (1998a). Af-
ter transformation into a unit diffusion (if this is even necessary), the drift function of the
resulting process is linearized; and thus, the considered diffusion process is approximated by
a linear one. For linear diffusions, explicit solutions exist (cf. e.g. Kloeden & Platen, 1992,
Chapter 4.2). Hence, their transition density is available and can be used as an approximation

of the transition density of the original process.

Another approach approximates the likelihood by numerically solving the Kolmogorov forward
equation (also called Fokker-Planck equation) that is associated with the diffusion process and
that is a deterministic partial differential equation for the transition density. This approach
was used and further developed e. g. in Poulson (1999), Jensen & Poulsen (2002), Hurn et al.
(2007) and Lux (2013).

The simulated maximum likelihood (SML) approach on the other hand uses Monte Carlo
integration to approximate the unknown transition density. The approach was suggested in-
dependently by Pedersen (1995) and Santa-Clara (1995). The idea is to use the Chapman-
Kolmogorov equation to reformulate the transition density as follows

pﬂ(sam;tvy) = / pg(S,.’L’;t - 57 Z)pg(t - 5,z;t,y) dz
X
=Eg [po(t — 0, X 5:t,y) | Xs = ] (3-20)

for small § with 0 < 6 < ¢t — 5. One simulates M realizations z;, j = 1,..., M, of X;_5
conditioned on Xy = x, e.g. by dividing the interval [s,t — 0] into N — 1 steps and forward
simulating based on the Euler scheme for these smaller time steps, and then approximates the
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expectation in (3.20) by calculating

M
M.N 1 Ful
pp " (s, x5t y) = Mmijlpe“”(t—& zjit,y), (3.21)

where pfUer(t — 8, z;;t,y) = ¢ (25 |y + p(z;,0)8,0(2;,0)0 "(2;,0)8) is again the transi-

tion density derived from the Euler scheme. Several refinements of the SML approach have
been suggested in the literature. For example, Durham & Gallant (2002) propose to employ
importance sampling when approximating (3.20) by conditioning not only on the initial state
X s = x but also on the end point X; = y when simulating the realizations z;. This sampling
method is called the modified-bridge and will be discussed in more detail in the context of
Bayesian data augmentation in Section 3.4.1. Durham & Gallant (2002) also investigate the
use of other variance reduction techniques and the application of a higher-order It6-Taylor
expansion. Elerian (1998) suggests to approximate the transition density for sampling the real-
izations z; as well as in (3.21) based on the Milstein schemes instead of the Euler scheme. We

will consider the transition density derived from the Milstein scheme in detail in Section 4.1.

Several other estimation techniques have been developed that do not rely on the approximation
of the likelihood function but rather match certain statistics of the diffusion model with the
corresponding statistics of the observed data. An overview of the class of methods based on
so-called estimating functions and the related method of generalized moments can be found
e.g. in Kessler et al. (2012, Chapter 1). Gourieroux et al. (1993) suggested the use of indirect

inference and Gallant & Tauchen (1996) proposed the efficient methods of moments.

With the Exact Algorithm (EA), Beskos & Roberts (2005) introduced a method to exactly
simulate diffusion paths at discrete time points and Beskos et al. (2006a, 2008) further de-
veloped the EA for more general cases. However, in order for the EA to be applicable, again
the transformation into a unit diffusion must be possible and further conditions need to be
satisfied. A variety of statistical inference methods based on the EA have been studied e. g.
by Beskos et al. (2009, 2006b) and Sermaidis et al. (2013).

Donnet & Samson (2013) also review further parameter estimation methods for diffusion
models in the context of pharmacokinetic/pharmacodynamic models including several methods
based on the well known Kalman filter, but also for these methods, state dependence of the

diffusion coefficient is precluded.

For SDEs that are derived as the diffusion approximation of a Markov jump process (MJP) as
described in Section 2.1.2, the diffusion coefficient always depends on the state variable for
non-trivial models. Indeed, for many models, the diffusion coefficient components appearing

in the equation for one component of the process usually depend on several of the process
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components. This renders the transformation into a unit diffusion usually impossible and thus,
many of the inference methods mentioned so far are rarely applicable in this context. Besides,
especially in biological applications, it is commonly not possible to observe all components of
a process directly and one also has to account for measurement error. Therefore, inference

methods are needed that can handle latent variables and noisy observations.

Bayesian inference methods and in particular Markov chain Monte Carlo (MCMC) methods
have been applied very successfully in this context, especially because they also allow for
the inclusion of prior knowledge and for an assessment of the uncertainty of the parameter
estimates. Assume we have observations yg, Yy, ..., Yy, observed at discrete time points 0 =
to <t1 <...<t, and with

y; ~ h(y;| X,,0)  fori=0,...,n,

where h denotes the distribution of y,; conditioned on (possibly a transformed subset of the
components of) the diffusion process X and on the parameter vector 6 that may include
parameters for the transformation of X. Moreover, the distribution can represent the case
of additive or multiplicative measurement error. In order to obtain the posterior distribution
of the parameter 8 given the observed data, we have to marginalize over the states of the

diffusion process:

7 (0] (Y} iom) = / 7 (0K 0 ket | Wi i) A X2 Xo,):

Xn+1

This marginalization can be achieved by Monte Carlo integration. Therefore, we need to draw

samples from the following conditional density that is reformulated using Bayes’ theorem:

7 (0,{X ¢, }k=0,.n [ {Ur}r=0..n)
o T ({Ypth=0,..n |0, { Xt }h=0,..n) T(0,{X ¢, }r=0,....n)
=7 ({yptr=0,..n10,{Xt, }k=0,..n) T{ X4, }k=0,..n|0)D(O)
n n—1
<H h(yz‘ | Xti’ 0)) (H p9(tk’7 th;tk-&-l’ th+1)> pO(Xto)p(o)a (3-22)
k=0

k=0

where p(0) denotes the density of the prior distribution for the parameter 8. The transition
density pg of the diffusion process X in the second factor of (3.22) needs to be approximated
as mentioned before. When using the Euler scheme, one has to carefully check whether the
time steps between observations are sufficiently small. Even in the case where the Euler
scheme is eligible, drawing samples from (3.22) is a computationally intense task. This is
due to the high dimension of the conditional density which is equal to p + d(n + 1), where

p is the dimension of the parameter vector @, d is the dimension of the diffusion process X,
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and n + 1 is the number of observations. Therefore, highly efficient MCMC methods such as
Hamiltonian Monte Carlo (HMC) sampling have to be used to draw samples from (3.22). For
the case where the time step between observations is too large, methods have been developed
that artificially augment the path of the diffusion process. We will discuss this approach in the

next subsection.

3.4.1 Bayesian data augmentation

For parameter estimation from low-frequency observations, MCMC techniques have been de-
veloped that introduce imputed data points to reduce the time steps between data points.
This concept of Bayesian data imputation goes back to Tanner & Wong (1987) and has been
utilized for the inference of diffusions and developed further by many authors such as Elerian
et al. (2001), Eraker (2001), Roberts & Stramer (2001), and Golightly & Wilkinson (2008).
These methods are applicable to multidimensional processes and were extended for the case
of latent process components as well as for the occurrence of measurement error. Thus, they
are very promising for the use in real data applications (see e.g. Fuchs (2013) and Golightly
& Wilkinson (2006b)).

With low-frequency observations X°** = (X,,..., X,,) of the process (X}),~, described
by the SDE (3.1), we wish to estimate parameter 6. In this section, we assume for simplicity
that all observations are complete (i.e. there are no latent or unobserved components for all
observations) and that there are no measurement errors. The approximation schemes for the
solution of the SDE as introduced in Section 3.3 are only appropriate for small time steps.
Therefore, we introduce additional data points X ™ at intermediate time points (as visualized
in Figure 3.3 and explained in detail in the following subsections) and estimate the parameter 6
from the augmented path {X”bs, Ximp}. To this end, a two-step MCMC approach is used to
mp

construct the Markov chain { 6;), X(i) } , the elements of which are samples from the

i=1,...,

joint posterior distribution 7 (O,Ximp | X"bs) of the parameter and the imputed data points
conditioned on the observations. This construction is achieved via a Gibbs sampling approach

by alternately executing the following two steps:

Step (1) Parameter update: Draw 0;) ~ 7 (0(1-) | X0, XZ’”f’l)),
Step (2) Path update: Draw X’g;p ~T <X?{;p | X"bs,e(i))

In both steps, direct sampling from the corresponding conditional distribution is generally
not possible; therefore, a Metropolis-Hastings algorithm is applied. The resulting MCMC

chain {0(1-), XZ’;’)}‘ 1 after discarding the first [ elements as burn-in, can be considered
1=[41,...,
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Figure 3.3: Augmented path segment: e represents observed data points and o represents
imputed points.

a sample drawn from the joint posterior distribution 7 (0, Xmp | XObS) and can be used for a
fully Bayesian analysis. The two steps of the algorithm are described in detail in the following
two subsections. We use 7w to denote the exact densities of the process that is the (full
conditional) posterior densities as well as the transition densities. The meaning becomes clear

from the arguments. Approximated densities are indicated by a corresponding superscript.

Parameter update

In Step (1), a parameter proposal 8 is drawn from a proposal density ¢ (9* | B,XObs,Ximp)
which may or may not depend on the imputed and observed data. If a proposal 8* = 0+ wu with
an update u that is independent of the current parameter value @ is used, the proposal strategy

is called a random walk proposal. Proposal 8* is accepted with the following probability:

T (0* ’)(obs7 szp) q (0 | 9*7 Xobs’ szp)

0%,0) =1A . A .
C( ’ ) T (0 ’ Xobs,Xan) q (9* | ijobs’szp)

Otherwise, the previous 0 value is kept.

Due to Bayes' theorem and the fact that a diffusion process has the Markov property, the (full

conditional) posterior density can be represented as

n—1
T (0 | XobS’XZ'mP> x (H T (th-H ’th,0)> p(9),

k=0

where 7 (X, ,, | X1,,0) denotes the transition density of the process (X),5q, 7+ 1 is the
total number of data points in the augmented path, and p denotes the prior density of the
parameter. We choose a random walk proposal where the r components of 8* that take values
on the entire real line R are drawn from the normal distribution N(Gj,'yjz) forj =1,...,r

and some predefined v; € Ry. The (remaining) strictly positive components are drawn from
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a log-normal distribution LN (log 0]-,7]2), for j =r+1,...,p. In this case, the acceptance
probability reduces to

n—I1 * * P *
C(6%,8) =1 (H M (X | X, 6 )> 200 (11 o (3.23)

k=0 (thﬂ | Xt 0) p(0) j=r+1 0;
as derived in (Fuchs, 2013, Chapter 7.1.3).

The transition density 7 (th+1 |th,9) is generally not explicitly known, but it can be ap-

proximated e. g. by the Euler scheme as described in Section 3.3.

Path update

Since a diffusion process has the Markov property, the likelihood function of parameter 6

factorizes as
M

T(Xrpy s Xy |0) =7 (X7 |0) [[ 7 (X, | X-,_,,0) (3.24)

i=1
and the latent path segments between observations are conditionally independent given the
observations. Hence, it is sufficient to consider the imputation problem in Step (2) only for one

path segment between two consecutive observations X ., and X As Figure 3.3 illustrates,

Titl-
the time interval between the two observations is divided into m subintervals such that the

end points of these intervals are 7; =ty < t1 < -+ < t;, = T;4+1 and the time steps are Aty =

tgy1 —tg for k=0,...,m — 1. We denote the observations by X?l;fmﬂ} ={X., X5 .}
and the imputed data points by XE:??TZ_H) ={Xt,..-, Xt,,_, }-

After initializing the imputed data by linear interpolation, the path is updated using the

Metropolis-Hastings algorithm. A proposal xim ) is drawn from a distribution with den-

(T Tit1

sity ¢, which may depend on the observed data, current imputed data, and parameter 8. The
proposal is accepted with the following probability:

C (X’me* ,lep )
(T4,Ti41) (T4,Tit1)
’me* | obs q zmp } ’me* Obs 9
(7—177_1+1) {Tz:Tz+1}7 (TL7TZ+1) (Ti,7it1) {Tz‘m‘ﬂ}’

=1 /\
imp b 1Mmp* imp b
4 (X(Ti,TiH) | X?Tf,ﬁ‘ﬂ}’ 0) q <X(Ti,7'i+1) } X(Tz',TiJrl)’ X?Tffwl}’ 0)

(3.25)
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Figure 3.4: lllustration of the different proposal strategies.

P

Otherwise, the proposal is discarded and the previously imputed data XZL Tie1) is kept. Due

to the Markov property, we have:

imp* obs m— * *
T (X(Tfn‘ﬂ) ‘ X{Timﬂ}’ 0) _ - (thﬂ |th’ 0)
T (szp obs 0) P T (th+1 |th7 0) )

(T4,Tit1) ‘ {r,mi41}

where X} = X3 = X, X; = Xy, = X

m Ti4+11

and 7w (th+l ]th,H) denotes the
transition density of process (X;),~-

The challenging aspect of the path update step involves determining how to propose new
points. The simplest approach uses the (approximated) transition density to propose a new
point by conditioning only on the point to the left of the new point. We call this proposal
method the left-conditioned (LC) proposal and illustrate it in Figure 3.4a. The proposal density
of an entire path segment is simply the product

are (X[ | X, 0) = :i;[:w (X5, 1%57,.6) . (3.26)

where X = X,,. Thus, the acceptance probability reduces to

—1 -2
imp* mp o T & ( tk+1 ’th7 ) g 7'(' (th+1 ‘ thv 0)
C X(Ti Ti+1)7X(Ti Tiv1)) LA

’ ’ e (th+1’th7 ) k:07'['(X* ‘X* 0>

=1A ( TH—I tm 170)
( Tz+1|Xtm 170)7

where Xj = X; = X ,. Here, the transition density again needs to be approximated
e.g. by the Euler scheme from Section 3.3.
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Chapter 3. It diffusion processes

This proposal strategy considers the information from the observation X, on the left, while

the proposed path segment is independent of the observation X on the right. This may

Ti+1
lead to a large jump in the last step from X, , to X and hence, to an improbable
imp*

(TisTit1)'

Ti+1y

transition. Therefore, the acceptance probability for the left-conditioned proposal X

and consequently, the acceptance rate of the MCMC sampler is usually low.

A number of more sophisticated proposal strategies have been suggested. Chapter 7.1 in
Fuchs (2013) reviews some of these. Here, we consider the modified bridge (MB) proposal,
which conditions on both the previous data point and the following observation on the right,
as visualized in Figure 3.4b. This strategy was originally proposed by Durham & Gallant
(2002) and first applied in the Bayesian framework in Chib & Shephard (2002). More recently,
Whitaker et al. (2017) suggested improved bridge constructs, and van der Meulen & Schauer
(2017) proposed so-called guided proposals.

For the MB proposal, the proposal density of an entire path segment factorizes again as follows:

m—2
IMB <XZ(:ZJ;+1) ‘ XTiﬂXTﬁl’e) - H 4 <X2kk-+1 ’X;kk’XTi-&-l’e) )
k=0

where Xj = X .. We apply Bayes' theorem and the Markov property to rewrite the left- and
right-conditioned proposal density of one point as

7 (X | X7 Xy, 0) om (X5, 1X57,,0) 7 (X, | X5, 0) (3.27)
fork=0,...,m—2.

In Durham & Gallant (2002), it is suggested to approximate the two transition densities
9) and
o (X:k+l,0) by i (X;,,6) and o (X7,,0), respectively. This way, they obtain that (3.27)

is approximately proportional to a Gaussian density which we will use for the MB proposal

on the right-hand side by the Euler scheme and to further approximate u (X;‘kH,
based on the Euler scheme:

FEuler * *
m P (X5 X Xy, 0)

X — X Tit1 — lp41
= X* |X? T T ) Aty (L) s (X 9) At
¢< Bot tk+< Tiv1 — th ) b Tit1 — tg ( b ) Atk )

(3.28)

where ¥ (X} ,0) = o (X7, ,0) o’ (X7..0) and ¢ (- | a, b) denotes the multivariate Gaussian
density with mean a € R¢ and covariance matrix b € R4*¢.
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3.4. Inference for SDEs

Since the MB proposal takes into account information not only from the left data point but
also from the observation on the right, it does not have a large jump in the last step as the

left-conditioned proposal does.

Thus far, our path update has only been applied to imputed points between two observations. It
can easily be extended to a case with several observations along the path by simply decomposing
the path into independent path proposals, multiplying the respective acceptance probabilities
and collectively accepting or rejecting the proposals. Moreover, the entire path does not have
to be updated all at once, but can be divided into several path segments that are successively
updated. Different algorithms for choosing the update interval are summarized in Fuchs (2013)

and Appendix A.2.1 describes one of them.

3.4.2 Extensions of the basic data augmentation scheme and alternatives

The data augmentation scheme introduced in the previous section can be generalized for the
case of (additive) measurement error and latent components of the diffusion process. The
respective proposal procedures based on the modified bridge proposal and the corresponding
acceptance probabilities are derived e.g. in Fuchs (2013, Chapter 7.2). Several other works
also account for measurement error and latent components e. g. Golightly & Wilkinson (2006b,
2008), and Whitaker et al. (2017).

Another challenge in the context of Bayesian data augmentation and the MCMC scheme
discussed in the previous subsection is the dependence between the parameter components
included in the diffusion function and the missing path segments between two observations
that results from Relationship (3.3) between the diffusion matrix and the quadratic variation
of the process. Roberts & Stramer (2001) were the first to highlight that in the discretized
setting (as we consider it here), this dependence leads to a slower convergence of the MCMC
algorithm as the number of imputed points m — 1 increases. Several approaches have been
developed to overcome this problem. Some of them are summarized in Fuchs (2013, Chapter
7.4). Here, we only mention the approaches that are generally applicable (e.g. that do not

require transformation to a unit diffusion).

One approach was motivated by a reparametrization first used in Chib et al. (2004) and
became to be known as the innovation scheme. The idea is to exploit the bijective relationship
between the diffusion path and the driving Brownian motion conditional on the parameter,
i.e. there is an invertible function that maps between the two processes. The acceptance
probability in the parameter update is conditioned on the Brownian motion (which does not
contain information about the parameter) rather than on the diffusion path and then, the

diffusion path is obtained by transforming the Brownian motion once a new parameter is
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accepted. Thus, the parameter and the imputed path segments are consistent at any step of
the algorithm and the convergence problem is overcome. While Golightly & Wilkinson (2008)
study this approach for general diffusion processes in the discrete-time setting only and refine
it in Wilkinson & Golightly (2010), Fuchs (2013, Chapter 7.4.4) also considers the continuous-
time framework, i.e. where the time step between the imputed data points tends to zero. For
their guided proposals, van der Meulen & Schauer (2017) also make use of the idea of an
innovation process and show that the results obtained in Fuchs (2013) are a special case of

their work.

Golightly & Wilkinson (2006a) introduced a sequential MCMC algorithm (also referred to
as particle filter) that simultaneously updates the parameter vector and the imputed process
states and thus circumvents issues arising from their dependence. They also applied this
algorithm to stochastic kinetic models in Golightly & Wilkinson (2006b). In this sequential
approach, the observations are taken into account one after another to update the posterior
distribution. Hence, it allows for on-line estimation of the parameter vector as additional data
points becomes available (instead of restarting the whole MCMC procedure for every new
data point) which is very useful for real-time data analysis. However, the algorithm suffers
from other problems, e. g. a poor approximation of the posterior in one step of the algorithm
will propagate to the next step. In particular, it may occur that the final approximation of
the posterior distribution based on all currently available data concentrates only on very few
distinct parameter values. This problem becomes the more severe the more observed time

points are available.

Another class of algorithms that combine MCMC and sequential Monte Carlo methods is
known as particle MCMC (pMCMC), a term that was coined in Andrieu et al. (2010). One
representative of the pMCMC methods is the so-called particle marginal Metropolis—Hastings
(PMMH) algorithm. This algorithm can also be interpreted in the light of the pseudo-marginal
approach as described in Beaumont (2003) and Andrieu & Roberts (2009). Golightly &
Wilkinson (2011) use this approach for inference of SDE parameters. The idea of this algorithm
is to construct a Metropolis—Hastings algorithm that targets the posterior distribution of the
parameter vector 6, but since the marginal likelihood needed in the acceptance probability is
intractable, it is approximated using a particle filter. Inside the particle filter, the stochastic
model can either simply be forward simulated or Golightly & Wilkinson (2011) also consider
the use of a bridge construct. In both cases, the parameter vector and the imputed path
segment between observations are jointly updated and no issues from their dependence arise.
Moreover, since the particle filter provides an unbiased estimate of the marginal likelihood,
the PMMH algorithm targets the exact posterior distribution despite using an approximation
in the acceptance probability. However, the algorithm is computationally extremely expensive.

Within each iteration of the Metropolis—Hastings algorithm, N x M x m simulation steps for
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the diffusion process are required if IV is the number of particles used in the particle filter,

M +1 time points are observed, and m — 1 points are imputed between every two observations.

There is also a non-Bayesian approach based on particle filtering called iterated filtering which
is described in lonides et al. (2006).

More recently, also variational inference approaches have been explored for SDEs e. g. in Ryder
et al. (2018) and Opper (2019); however, there are no results available yet comparing these
approaches to the other inference techniques mentioned in this section.
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Chapter 4

Using higher-order approximations in
Bayesian inference for diffusions

Having introduced several approaches to perform inference for diffusion processes; in this
chapter, we further consider the Bayesian data augmentation method as described in Sec-
tion 3.4.1 that is used to infer the parameter 8 € © C RP from low-frequency observations
X = (X, ....,X,,,) of a diffusion process (X't)4>0 described by SDE

dXt:u,(Xt,O) dt+U(Xt,9) dBy, X = xp, (41)

as detailed in Section 3.1. In this approach, the numerical approximation of the transition
densities of the process is necessary not only for calculating the posterior densities, but also
for proposing the imputed data points. In both contexts, the Euler-Maruyama scheme is
the standard approximation technique in the literature (see e.g. Elerian et al., 2001, Eraker,
2001, Golightly & Wilkinson, 2006a, 2008, Roberts & Stramer, 2001). To reduce the amount
of imputed data and the number of necessary iterations for the computationally expensive

estimation method, one possible solution is to employ higher-order approximation schemes.

Therefore, we investigate the utilization and usefulness of such higher-order approximations on
the example of the Milstein scheme introduced in Section 3.3. A closed form of the transition
density based on the Milstein scheme is derived in Elerian (1998). In Tse et al. (2004), this
closed form is used to estimate the parameters of a hyperbolic diffusion process from high-
frequency financial data, but not in the context of Bayesian data augmentation. For the latter,
Elerian et al. (2001) propose the possible use of the Milstein scheme. However, the specific
implementation and benefit of this framework, in particular when using sophisticated proposal

methods, remain unclear, and therefore, are the focus of this work. For our investigation,
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we first derive the transition density of the diffusion process approximated by the Milstein
scheme, then explain how to integrate the Milstein scheme into the framework of Bayesian
data augmentation, and finally assess the effectiveness of this new combination in a simulation
study which is a common approach in the literature (see e.g. Whitaker et al. (2017) and
Mrazek & Pospigil (2017)). In the simulation study, we consider the GBM and the CIR process
as introduced in Section 3.2. Parts of this chapter are similar or identical to the following

article:

Pieschner, S. & Fuchs, C. (2020). Bayesian inference for diffusion processes: using higher-order
approximations for transition densities. Royal Society Open Science, 7(10), 200270.

4.1 The transition density based on the Milstein scheme

For the reader’s convenience, we restate the formula of the Milstein scheme from Section 3.3.
It approximates the d-dimensional process (X),~ by setting Yo = x¢ and, then, successively

calculating for the it" component:

Y,(er Y\ 4+, (Y4, 0) Aty + > oa (Y4, 0) AB

=1
r..r. d ' (4.2)
doy T aB@aBY
+ZZZU]q (kaa)w(Yk,9> ) i dBu d s
=1 ¢g=1 j=1 k b
for k =0,1,... and ¢ = 1, ..., d. We have already pointed out that the convergence

rate of the Milstein scheme is higher than that of the Euler scheme which is the reason for
our investigation. However, there is a severe restriction on the practical applicability of the
Milstein scheme because the stochastic double integral in the last term of (4.2) only yields an
analytical solution for j = [. Although approximation techniques for the double integral exist
(see e.g. Kloeden & Platen (1992)), they are unsuitable for our purposes. On the one hand, we
wish to avoid adding yet another layer of approximation and, thus, additional computational
time. On the other hand, we must find the distribution of Y., based on approximation
schemes (4.2), which is also not explicitly possible when adding another approximation. For
this reason, we focus on models where the double integral appears exclusively for the same
components of the Brownian motion. For example, this is the case when the process is
driven by a one-dimensional Brownian motion (i.e. the diffusion function o (Y, 0) is of

dimension d x 1). Hence, the diffusion model includes only one source of noise that may affect
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4.1. The transition density based on the Milstein scheme

each of the components of the process. More generally, we require that

80’i
o (Y, 0) W(@ (Y1, 60)=0 (4.3)

for j # [ so that only j = [ is inside the double integral. Relation (4.3) implies the following:

e if an entry o,; (Y, ) is non-zero, then the entries of all other columns and all rows

must not depend on chr), and

e if an entry o;; (Y, 0) depends on Y,(:), then the entries of all other columns in row r

must be zero.

In particular, this means that unless the rt" row of the diffusion function contains only zeros,
)

component Y,(: can only appear in one column of the diffusion function (and if it appears,
then the entries of all other columns in row r must be zero). Moreover, each component
of the diffusion process (X¢),~, can only be directly affected by more than one component
of the Brownian motion, if the size of all stochastic effects (i.e. all entries of the diffusion
function) does not depend on the respective component of the diffusion process. Further, if all
d components of the diffusion process appear in the diffusion function, then the process can
be affected by at most d components of the Brownian motion. Besides, if all d components
of the diffusion process appear in the diffusion function and the process shall be affect by
d components of the Brownian motion, the diffusion function must be a (possibly column-wise

permuted) diagonal matrix. In many applications, these are not realistic assumptions.

Assume that the it component of the diffusion process appears in the it row of the diffu-
sion function and that the respective entry of the diffusion function does not depend on the
remaining components Y,(:), r # 1 (the contrary would impose restrictions on other rows, as

described above). Then, the it" component of the approximated process is

Y, =Y 4 (Y, 0) Aty + 05 (Y, 0) ABY

Gaij 1 () 2 (4'4)
+0i; (Y, 0) 9,0 (Y, 0) 3 ((ABk ) — Aty
for k = 0,1, ... and where j is the column index of the one non-zero entry depending on
i)

Y§g in the ith row of the diffusion function.

(4)
. k+ .
tion g <AB,(€])> of the increment of the Brownian motion, g is quadratic in AB,EJ). Therefore,

Moreover, note that if we consider the approximation Y, ., in Equation (4.4) as a func-

57



Chapter 4. Using higher-order approximations in Bayesian inference for diffusions

500
--e-- points of trajectories of the solution

400 -{— Euler approximation
— Milstein approximation

X, 300

200

100 —

0 0.1 0.2 0.3 0.4 05 0.6 0.7 0.8 0.9 1
time

Figure 4.1: Three trajectories of a GBM (3.6) with a = 1 and % = 0.25 and their approxi-

mations by the Euler and the Milstein scheme for time steps At = 0.1.

the function g has a global extremum with value

* i 1 80'1“

(4.5)
1 80‘i'
+ </J’i (Y, 0) - 5%ii (Y, 0) W(f) (Yk,9)> Aty

(4)
k+1
scheme which might exclude values that the solution process X, could take. Whether this is

Hence, there is a bound on the range of possible values for Y resulting from the Milstein

a lower or upper bound depends on the sign of the diffusion function and its derivative. The

second derivative of g is given by

2 AB(j) y
M =0i; (Y, 0) 801? (Y, 0) =:g".
> Iy
o (aBy)

Thus, the extremum ¢* is a maximum and puts an upper bound on the possible values of

Yih

case where ¢ = 0, the Milstein scheme reduces to the Euler scheme.

if ¢ < 0, and g* is a minimum and puts a lower bound on Y,(;J)rl if ¢ > 0. For the

Since our examples, the GBM and the CIR process, are one-dimensional processes, the double
integral in Equation (4.2) vanishes. The Milstein scheme for the GBM yields the following:

1
Yii1 =Y + oY Aty + oY ABy + §U2Yk ((ABk)Q — Atk)

for k. =0,1,..., where the first three summands also correspond to the Euler scheme. Fig-
ure 4.1 illustrates the two approximation schemes. It presents three trajectories of the GBM,
which are represented by red points and which were simulated by setting a seed for the random
number generator and, then, sampling from the exact transition density (3.7). The same seed
was used to sample the increments of the Brownian motion from the normal density and then
transform them by (3.11) and (4.4) to obtain the Euler (black) and the Milstein (blue) approx-
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o /\\7<><>

—— Euler approximation

2 - —— Milstein approximation
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0 0.1 0.2 0.3 0.4 0.5 0.6 0.7 0.8 0.9 1

time

Figure 4.2: Three approximated trajectories of a CIR process (3.9) with « =1, § =1, and
0% = 2 approximated by the Euler and the Milstein scheme for time steps At = 0.1.

imation of the trajectories. We observe that in almost all cases, the Milstein approximation is

either closer to or as close to the points of the trajectories as the Euler approximation.

For the CIR process, the Milstein scheme vyields the following:

1
Yisr = Y+ a (8= Yi) Aty +0/ViABy + 207 ((ABy)” — Aty (4.6)
for k = 0,1,..., where the first three summands again correspond to the Euler scheme. A

similar illustration as in Figure 4.1 where the approximations are compared to the trajectories of
the true process is not easily possible for the CIR process because sampling from the transition
density (3.10) is not achieved directly but e. g. by generating a normally distributed and a chi-
square distributed random variable and their transformation. Therefore, Figure 4.2 only shows
the approximated trajectories of the CIR process again obtained by sampling the increments

of the Brownian motion and then transforming them by (3.11) and (4.4).

While sampling approximated diffusion paths is fairly straightforward for both approximation
schemes as described above, determining the corresponding transition density is less apparent
for the Milstein scheme. As already pointed out in Section 3.4, the transition density derived

from the Euler scheme is simply a multivariate Gaussian density:
P (Y |V, 0) = ¢ (Yk+1|Yk +p (Y, 0) Aty 0 (Y,0) 0" (Y, 0) Atk) :

where ¢ (y|a, b) denotes the multivariate Gaussian density with mean a € R? and covariance

matrix b € R?? evaluated at y.

For the Milstein scheme, deriving the transition density is more complicated, even in the case
of a one-dimensional diffusion process, which we consider here. Elerian (1998) derived the
transition density by first rearranging the Milstein scheme to obtain a transformation of a
non-central chi-squared distributed variable for which the density is known, and then apply-

ing the random variable transformation theorem. Here, we present an alternative derivation
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that directly applies the random variable transformation theorem to increments A B}, of the
Brownian motion. Both approaches produce the same result. For simplicity of notation, we
set pu, 1= i (Yy, 0), o), := 0 (Y%, 0), and o} := 90 (y,0) /0y|,_y, -

Theorem 4.1. Given a one-dimensional diffusion process described by SDE (4.1), the approx-

imated transition density based on the Milstein scheme (4.4) is as follows:

exp < Ck(YkJrl))
Mil _ Dy, Neosen [~ VAR+1) ) Ak (Yit1)
T (Vg1 Ya, 0) = NN TN A [ p( Dy ) + p( D, )]

with
1
Ak(Yk+1) = (o‘k)Q + 20—k0-],<; (Yk-f—l — Yk — (,U,k — 20‘]€O',;> Atk) 5
1
Ce(Yit1) = ok + 0y, (Yk+1 - Y - <,Uk - 20'k<7;<;> Atk) 7
Dy = oy, (02)2 Aty
and for
1 (0% 1 / . /
Yit1 > Y — - — + | e — sokoy, | Aty, if oo, > 0, (4.7)
20, 2
and
1o 1 , . /
Yir1 <Y — - Uk — =00} Aty IfO'kUk < 0. (48)
20, 2

Proof. The Milstein scheme

9o

1
Yit1 = Yi 4+ 1 (Y, 0) Aty 4 0 (Y3, 0) ABy, + 3¢ (Y,0) By

(Y%, 0) ((ABk)2 - Atk)

can be considered a variable transformation of the random variable Z ~ N(0,1) with den-

sity ¢(z) using the transformation function
f(2) =az®> + bz +c,

where the coefficients are defined as

1 do
a= 50 (¥,0) o (Yy, 0) Aty

b= o (Ys,0)\/Aty,
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c=Yit |n(11.6) - 50 (1.6) 5 (11.6)] A
and whose derivative and inverse function are
f(z) = 2az + b,
iy = —ii /O +daly—c) for iy > —Z—FC.

2a 2a

By applying the random variable transformation theorem as found in Schmidt (2009, p. 269)
or Gillespie (1992a, p.27), the density py of Y11 can be derived as follows:

P(2)
py (y) = Z 7
pertm=y )

b b2 + da(y — ) b b2 + da(y — c)
¢ (2(1 a 2a ) ¢ (2& + 2a )
= +
, b b2 + da(y — ) , b b2 4 da(y — )
/ (_Qa_ 2a ) / <_2a+ 2a >|

2 daly —
b+ 2 b b2 + 4a(y c))‘
a 2a
2
1 1( b b2 + da(y — )
Vor P T2\ T2 2a
" b b2 + 4
b+2a<—+ ki a(y_c))|
2 2a

(e 2 oy 42 _
) exp( a2 (b +20\/b? + 4a(y — ¢) + b* + 4a(y c))

Ve VP +ay =)
exp (—8; <b2 —2b4/b2 + 4a(y — c) + b% + da(y — c)))
+
‘ b2+4a(yfc))
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b2 + 2a(y — c)
P <_ 4a? ) b\/b? + da(y — ¢) by/b? + 4da(y — c)
= exp | — 12 + exp 102

V2714/b? + 4a(y — ¢)

< b2 + 2a(y — c)
exp | —

S
_ 4a - 2cosh <b b2 + 4a(y c)) .
4a?

V2m\/b% + da(y — ¢)

After substituting the coefficients a, b, and ¢ and abbreviating py := p (Y, 0), ok := o (Y, 0),
and o}, == o' (V,0) = 0o (y,0) /8y‘y:Yk, we obtain the transition density based on the

Milstein scheme

2 1 1
(O'k\/Atk) + 2§U;CU]/€A75;€ (Yk+1 -Y. — (,uk — QU/CU;@) Atk>

1 2
4 <2O'k,0';€Atk>

1 1
vV QW\/(Uk\/ Atk)Q + 4§O/€U;€Atk (Yk+1 -Y, — (,uk - 20%0’%) Atk>

exp | —

M (Y} 14|Ys, 0) =

1 1
(R Atk\/(ok\/ Atk)2 + 4§Uk0;€Atk (Yk+1 -Y. — (,U,k - 20’]@0'2) Atk>
1 2
4 (O'kO';gAtk)
2
1 1
O'k\/Atk\/(U;g\/Atk)z + 4§Uk0;€Atk (Yk-i-l -Y. — (Mk — 20%0’;) Atk>

1 2

4 (20'kO'kAtk>
Cr(Yk11)

exp <_ Dy, ) . [exp (_ Ak(Yk+1)> —|—exp< AkngkH))]

. exp —

+ exp

V2Bt Ap(Yir1) Dy,
with
2

1
Ak(Yk+1) = (o'k>2 + 20—’602 <Yk+1 -Y, — (,U,k — UkO';C) Atk)

1
Cr(Yis1) = o + U],C (Yk—H -Y. — (,uk — 20160';) Atk>

Dy = oy, (02)2 Aty
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and for
1Uk 1 / . /
Yie1 2 Y, — —— + | i — soroy, | Aty if ooy, > 0, and
20, 2
10'k 1 ’ . /
Yk+1§Yk—f—,—|— Uk — =00} Aty, IkaO'k<0.
20, 2

In the case of o, = 0, Yj41 conditioned on Y}, is deterministic. For o) = 0, the Milstein

scheme reduces to the Euler scheme. O

The bounds in (4.7) and (4.8) coincide with the bound (4.5) on the range of possible val-
ues Yy 1 resulting from the Milstein scheme. For values of Y1 within the respective bound,
Ay (Yi41) is non-negative and its square root takes real values; otherwise, the transition density
is equal to zero. Hence, there is a lower or an upper bound on the support of 7. Moreover,
one can show that the value of the transition density tends to infinity as Y;1 approaches the
bound. However, the interval for which the density increases towards infinity may be arbitrarily

narrow depending on the parameter setting.

For the GBM, we have o (X;,60) = 0X; with parameter ¢ > 0, the process taking values

in R;. Therefore, we obtain a lower bound for the possible values of Y :

1 1
Depending on the parameter combination 8 = (a,a)T, this lower bound may be negative, in

which case the support of the transition density includes the entire state space of the GBM.

In Figure 4.3, we illustrate the transition densities based on the GBM solution, Euler scheme,
and Milstein scheme for two different parameter settings. We observe that the Milstein tran-
sition density better approximates the mode of the transition density of the solution than the
Euler transition density does. On the other hand, while the support of the Euler transition
density is the set of all real numbers, the Milstein transition density puts zero weight on the
values of Yy, that are below the lower bound (4.9), even though some of the values are

feasible according to the transition density of the solution process.

For the CIR process, we have o (X;,0) = o/ X; with parameter o > 0, the process taking
values in Rg. We therefore obtain a lower bound for the possible values of Xy, when applying

the Milstein scheme:

Xy > <a (B—Xy,) — iﬁ) Aty,. (4.10)

63



Chapter 4. Using higher-order approximations in Bayesian inference for diffusions

~ —— GBM solution
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Figure 4.3: Transition densities for a transition from Y, = 100 to Yj1 with a time step
of Aty = 0.1 for two different parameter settings based on the GBM solution, Euler scheme,
and Miltstein scheme, respectively.
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Figure 4.4: Transition densities for a transition from Y; = 3 to Y1 with time step A, = 0.1
for two different parameter settings based on the solution of the CIR process, Euler scheme,
and Miltstein scheme, respectively.

Again, depending on the parameter combination 8 = («,3,0)7, this lower bound may be
negative, in which case the support of the transition density includes the entire state space of

the CIR process.

Figure 4.4 illustrates the transition densities based on the solution of the CIR process, Euler
scheme, and Milstein scheme for two different parameter settings. For a small value of the
diffusion parameter 2 as in Figure 4.4a, there is only little difference between the approximated
transition densities based on the Euler and the Milstein scheme. This is also apparent from
Equation (4.6). But for a larger value of o2 as in Figure 4.4b, we observe that the Milstein
transition density again better approximates the mode of the transition density of the solution

than the Euler transition density does.

Other approximation methods for the transition densities were developed for example in Ait-
Sahalia (2002), Ait-Sahalia (2008), and Filipovi¢ et al. (2013). Here, we focus on the numerical

approximation methods described in Section 3.3. Because for the Bayesian data augmentation
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4.2. Path proposal methods based on the Milstein scheme

method for parameter estimation introduced in Section 3.4.1, it is crucial to not only be able
to approximate the transition density, but also sampling from the resulting density needs to be

possible and fast.

4.2 Path proposal methods based on the Milstein scheme

In this section, we explain how to incorporate the Milstein transition density derived in the pre-
vious section into the framework of Bayesian data augmentation as described in Section 3.4.1.
The Milstein transition density can be used to approximate the likelihood of the diffusion
path in both steps of the method, namely in the acceptance probability of the parameter up-
date (3.23) and of the path update (3.25) as well as in the proposal density of the path update.
For the LC proposal, we can simply plug the Milstein transition density into Equation (3.26).
As already pointed out, this proposal method leads to a large jump in the last step from
Xt,,_, to X5, which we illustrate by simulations for the GBM and both of the considered

approximation schemes in Figures 4.5a and 4.5b.

Left-conditioned proposals Bridge proposals

rT T T T T T rTr T T T 1T 1T rTr T T T 1T 1T rTr T T T 1T 1T

T Tiwr T Tiv1 Ti Tivr T Tivr T Tiv1
(a) Left-cond. (b) Left-cond. (c) Modified bridge (d) Modified bridge (e) Diffusion bridge
Euler proposal Milstein proposal Euler proposal Milstein proposal Milstein proposal

Figure 4.5: Realizations of the two proposal strategies using different approximation schemes.
Fifteen proposed paths for the GBM with o = 02 = 0.1 on the interval [7;, 7i11] = [0, 1] with
X, =10, X, ., =25, and m = 10 subintervals.

2 i+1

We now consider the Milstein approximation for the MB proposal, namely for the two factors on
the right-hand side of (3.27). The first factor for the transition from X;, to X/  resembles the
Milstein transition density stated in Theorem 4.1. With the same notation, Ay = t,,, — tr11,

and t,,, = 7;+1, the second factor for the transition from X; = to X;  is as follows:

tet1
exXp | — 7}% (X:Hl )
. ) Gm(XF,,))

Terl <’X m | tk+1 ’ = X
V2r/AY [ En(X] )
exp| ——F—— | txp| 75—
Gm(thH) Gm(th+1)
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with
* * 2 * x/ * * 1 * x/
En(X5 ) = (0h11)" + 205010 1 | Xt — X3, — (g1 — 30k+19 k41 Ay,

1
* * */ * * * */
Fo(X{ ) =0k 071 (Xtm - X~ <Mkz+1 ~ 3%k110 k:+1> A+> ;

* * 2
Gm(X:kH) = Ok41 (‘7 ;€+1) Ay

for Em(X;kH) > 0 (which cannot be rearranged for X, in general); otherwise, the density
is equal to zero. The terms | and o, are similar to py41 and oy41, but Xy, ,, is replaced
by Xt*kﬂ. Here, we do not respectively approximate pg11 and oxy1 by pg and o because doing
so does not lead to simplification. Moreover, there is no closed formula for the normalization
constant needed to scale the product of the two transition densities to a proper density.

For the GBM, we have X; >0 and oy, = o X}, > 0 and thus, obtain the following bounds
for mMil <Xtm\Xt*k+1,0), the second factor in (3.27):

X, L1 1
X;kﬂ < 1 1 = U2nd, if B + (a - 202) Ay >0 (Casel),
5 + ((X — 20'2> A+
X 1 1
Xip) 2 1 t"l‘ = lond, if B + (a — 2a2> Ay <0 (Casell),
5 + <OZ — 20'2> A+
* L1 1 5 A
and X; . >0, |f§+ a—z0 + =0 (Caselll).

From (4.9), we obtain the following lower bound for 7% (Xt*chrl |Xt*k,0>, the first factor
in (3.27):
X; . =X (1 + (a — 102) Atk> =: L1t
+1 k 2 2
At the same time, proposals Xg"kH for the GBM should always be strictly positive to be in
the state space. Let | := max{0,l15+}. The constraints on X,;kk+1 derived from the two

factors in (3.27) lead to three cases for the set D of feasible points of X}  for the GBM
(assuming X;, > 0):

0, if (Case ) applies and 15 > ugnd,
D = < [l,u2nq), if (Casel) applies and 115 < uopg,
1, 00), if (Case Il) or (Case Ill) apply.
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4.2. Path proposal methods based on the Milstein scheme

Since the MB proposal takes into account information not only from the left data point but
also from the observation on the right, it does not have a large jump in the last step as the
left-conditioned proposal does. This is also apparent in the simulations for the GBM in Figures
4.5c and 4.5d. Therefore, the acceptance probability and acceptance rate are usually higher for
the MB proposal than for the left-conditioned proposal. As Appendix A.2.2 demonstrates, the
acceptance probability is even equal to 1 for the MB proposal if only one data point is imputed
between two observations (i.e. the number of inter-observation intervals is m = 2). This
holds when using the Milstein scheme to approximate the transition density for the likelihood
function and proposal density, but also when using the Euler scheme without the approximation

of pr+1 and opy1 by pg and oy, respectively.

For the CIR process, we have obtained the lower bound in Equation (4.10) for the possible
values of Xy, , when applying the Milstein scheme:

1
lleft = (O{ (B — th) - 40’2> Atk

The second bound that occurs when combining the MB proposal with the Milstein scheme is

as follows:
1

[0 A+ 4

1 1
Xtypr 2 B—— ( X, + 0'2) = lyight-

The set D of feasible points X;, ,, for the CIR process when combining the MB proposal with
the Milstein scheme is thus D = [l, 00) with I := max (0, ljc ¢, lright)-

The density of the MB proposal based on the Euler scheme in Equation (3.28) can also be
interpreted as the density that results from applying the Euler scheme to the following diffusion

process:

dx, = (XT“_Xt> di + T L v g) dB,
Tiy1 — 1 Tiy1 — 1t

for t € [tk,tg+1]. See Whitaker et al. (2017) for a detailed discussion of the connection

between the modified bridge and this continuous-time conditioned process. Applying the

Milstein scheme to this process yields another proposal scheme to which we refer as the

diffusion bridge Milstein (DBM) proposal. For the DBM proposal, the proposal density of a

path segment also factorizes as:

Ti,Tit1)

m—2
4DBM (szp* ‘XTL',7X7’1'+170> = H ™ (Xt*kJrl |X£kk7XTz‘+170> )
k=0

where X/ = X, and each factor 7 (kaH \ka,XTiH,O) corresponds to the density based
on the Milstein scheme from Theorem 4.1 where we replace
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o g by (Xrpy — X))/ (Tit1 — te),

e o) by \/(Tis1 — tit1)/(Tig1 — tr)o(Xy, . 0), and

o 0 by /(Tit1 — tiy1)/(Tiv1 — k) 0o (y,6) /Oy |y=th'

Like the MB proposal, the DBM proposal takes into account information from the observation
on the right and; therefore, it does not have a large jump in the last step as illustrated in

Figure 4.5e.

We have discussed another challenge in the context of Bayesian data augmentation and the
MCMC scheme in Section 3.4.2: the dependence between the parameter components included
in the diffusion function and the missing path segments between two observations that leads
to a slower convergence of the MCMC algorithm as the number of imputed points m — 1
increases. However, since all estimation methods compared here are affected by this issue in

the same way; we do not further consider it here.

To our knowledge, we are the first to utilize the Milstein scheme in the MCMC context

described here.

4.2.1 Implementation

The implementation is relatively straightforward for the majority of the estimation procedures,
and only the combination of the MB proposal and the Milstein approximation requires addi-
tional explanation. As mentioned, when approximating the two factors on the right-hand side
of (3.27) by the transition density based on the Milstein scheme, there is no closed formula for
the normalization constant to obtain a proper density. The normalization is necessary because
the proposal density for a path segment is the product of several of the terms from (3.27),
where the condition on the left point, X}, , differs between a newly proposed segment and the
last accepted segment if several consecutive points are imputed. Therefore, the normalization
constants differ and do not cancel out in the acceptance probability. Normalization is not
necessary only in the case where just one point is imputed between two observations (i.e.
m = 2 subintervals) because the left point, X;,, is always a (fixed) observed point that is
not updated. Thus, the normalization constants cancel out in the acceptance probability. For
m > 2, we numerically integrate the product (3.27) over X;, ., to obtain the normalization
constant. The product in (3.27) may be very small (but not zero everywhere in a non-empty
feasible set D) and may thus numerically integrate to zero, especially when the upper interval
bound of the feasible set is infinite. To overcome this problem, we take two measures. First,

we do not integrate over the entire set of feasible points but determine the maximum of the
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product numerically and then integrate over the interval that includes all points with a func-
tion value of at least 10720 times this maximum. Second, we rescale the product in (3.27) by

dividing by the maximum before integrating.

To sample from the Milstein MB proposal density, we employ rejection sampling. For this,
normalization of the product in (3.27) is not necessary. Again, we numerically determine the
maximum d,,q, of the product, and the interval Z that includes all points with a function value
of at least 10720 times this maximum. Then, we uniformly sample (u1,us) from rectangle
Z % (0, dmaz) and accept uy as a proposal X3, ., if the unnormalized density value of (3.27)

at up is at most us.

For the combination of the MB proposal and the Milstein approximation, the set of feasible
proposal points may be empty. In this case, our implementation shifts to the Euler approxima-
tion for this point, i. e. the point is proposed with the MB proposal based on the Euler scheme
and also the corresponding factor of the proposal density in the acceptance probability is based
on the Euler scheme. In addition, for all methods, a negative point may be proposed, which is
not feasible for a GBM. Therefore, in this case, we propose a new point. For both cases, we
count the number of times that they occur during the estimation procedure. In the following
simulation study no cases of switching to the Euler scheme occurred and negative proposals

occurred only very rarely (less than 1%eo of the number of iterations in the very worst case).

We implemented the described estimation procedures in R version 3.6.2 (R Core Team, 2019).
The source code of our implementation and the following simulation study is publicly available
at https://github.com/fuchslab/Inference_for_SDEs_with_the_Milstein_scheme.

4.3 Simulation study

Next, we study the computational performance of competing inference methods on the two
benchmark models, the GBM and the CIR process. In Section 3.4.1 and Section 4.2, we have
introduced a number of possible options for the choices to be made when constructing an

estimation method in the framework of Bayesian data augmentation for diffusion processes:
e approximate the transition densities in the likelihood function based on the Euler or
Milstein scheme,
e use the left-conditioned, the MB, or the DBM proposal, and

e use the Euler or Milstein scheme for the proposal densities (for the left-conditioned or

MB proposal).
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In the following, we will omit the left-conditioned proposal due to the inefficiency that we

already pointed out. Instead, we will consider the following four combinations:

(MBE-E) MB proposal and transition density both based on the Euler scheme,

(MBE-M)  MB proposal based on the Euler scheme and transition density based on the

Milstein scheme,
(MBM-M)  MB proposal and transition density both based on the Milstein scheme, and

(DBM-M)  DBM proposal (which is based on the Milstein scheme) and transition density

based on the Milstein scheme.

Combination MBE-M merges the Euler and Milstein scheme. We include it here because it
combines the faster scheme for the proposals (where accuracy is less important) and the more

accurate scheme for the acceptance probability.

In this work, we focus on Bayesian inference by data augmentation and compare the four
approaches listed above. Conceptually different inference procedures, as summarized in the
beginning of Section 3.4 are not considered as competitors here as they would be employed in
different data contexts. There are two aspects that are important to consider when we want

to evaluate the different methods:

a) the accuracy with which the true posterior distribution is approximated based on one of

the approximation schemes and a given number m and

b) the accuracy with which we are able to draw from this approximated posterior distribu-

tion.

We are interested in the overall accuracy, i.e. the combination of a) and b), achieved within

a fixed amount of computational time.

For the simulation study, we generated 100 paths of both benchmark models in the time
interval [0, 1] using the exact transition densities stated in (3.7) for the GBM and in (3.10) for
the CIR process. From each path, we took M = 20 points observed at equidistant time points
(i.e. the inter-observation time At is 0.05) and applied each of the four described estimation
methods once. We imputed data such that we got m = 2 and m = 5 inter-observation
intervals. We also included the case m = 1, i.e. no data was imputed and only Step (1)
from Section 3.4.1, the parameter update, was repeated in the estimation procedure where
the likelihood of the path in the acceptance probability is approximated by the Euler or the

Milstein scheme.
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(a) GBM with 8 = (1,2)™ and zo = 100 (b) CIR process with @ = (1,1,2)™ and z¢ = 10

Figure 4.6: Trajectories used in the simulation study. The colored lines are 10 examples of
the 100 trajectories used in the simulation study. Each trajectory consists of 20 points used as
observations. The grey-shaded area shows the range of the 100 trajectories. The solid black
line represents the expected value of (a) the GBM E [X;] = Xpexp(at) = 100exp(t) and
(b) the CIR process E [X;] = f — (8 — Xo) exp(—at) = 1 + 9exp(—t).

Each of the estimation procedures performs the following steps:

1. Draw initial values for the parameter 8 from the prior distributions.
2. Initialize Y™ by linear interpolation.
3. Repeat the following steps:

(a) Parameter update: Apply random walk proposals.

i. Draw a proposal for each component of the parameter 6.

ii. Accept the proposals for all components or none.
(b) Path update:

i. Choose an update interval (t,,1p) as described in Appendix A.2.1 with A = 5.
imp*
(ta»tb)
iii. Accept or reject the proposal.

ii. Draw a proposal X according to the investigated method.

We let each procedure run for one hour and evaluate the overall accuracy of the obtained

sample compared to a sample from the true posterior distribution (as described below).

For the GBM, the paths for the simulation study were generated with the parameter combina-
. o\ Tr
tion 6 = (a,a )

paths. For the prior distribution of the parameters, we assumed that they were independently
distributed with o ~ N (0,10) and 02 ~ IG(kg = 2,19 = 2), where IG denotes the inverse

gamma distribution with shape parameter xy and scale parameter v5. The a priori expectations

= (1,2)™ and initial value 29 = 100. Figure 4.6a illustrates some of these
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Figure 4.7: Trace plots of the MCMC chains for parameters a and o2 of the GBM (3.6)
and of the log-posterior density values for one parameter estimation run using the combination
MBM-M of the modified bridge proposal with m = 2 and the Milstein approximation for
the proposal density and the likelihood function. The red lines represent the true values of
parameters @ = 1 and o2 = 2, the blue solid lines represent the mean, and the blue dashed
lines represent the lower and upper bounds of the highest-probability density interval of 95%
after cutting off the first 5000 values of the chains as burn-in, which is represented by the
green line.

of the parameters are thus E(a) = 0 and E (02) = 2. As proposal densities for the parameters
in Step (3a), we used o* ~ N (a;-1,0.25) and 0** ~ LN (logo? ,0.25).

Figures 4.7 and 4.8 present the output from one estimation procedure for the GBM on the
example of the combination MBM-M of the MB proposal and the Milstein approximation for
the proposal density and the likelihood function. From each estimation procedure, we obtained
an MCMC chain of dimension n(m — 1) 4+ 2. For each chain, we used the two components for
parameters o and o and calculated the mean, the median, and the variance after cutting off a
burn-in phase of 5000 iterations.To justify our use of independent proposals for the parameter

update, we show in Appendix A.2.3 that the parameters are not strongly correlated.

For the CIR process, we generated the 100 paths with the parameter combination 6 =
(Q,B,UQ)Tr = (1,1,2)™ and initial value 29 = 10. Some of the paths are illustrated in Fig-
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Figure 4.8: Estimated posterior densities for o and ¢ from one parameter estimation run
using the combination MBM-M of the modified bridge proposal and the Milstein approximation
for the proposal and the transition density. Moreover, true values of the parameters, the mean
and the median of the MCMC chains after 5000 iterations burn-in, and the mean and the
median of a sample from the true posterior distribution of the sample path based on the
solution of the GBM are shown.

ure 4.6b. We assumed « to be known and performed the inference methods for the parameters
$ and o2. For the prior distribution of the parameters, we assumed that they were indepen-
dently distributed with 8 ~ IG (ky = 3,1, = 3) and 0% ~ IG(ks = 3,v5 = 4). The a priori
expectations of the parameters are thus E(3) = 3 and E (62) = 2. As proposal densities for
the parameters in Step (3a), we used 8* ~ LN (log 8;—1,0.25) and 02* ~ LN (log o2 ;,0.25).

As a benchmark, we also sampled from the true parameter posterior distribution based on
the exact transition densities. We used the Stan software (Carpenter et al., 2017, Stan De-
velopment Team, 2019) which provides an efficient C++ implementation of the HMC-based
No-U-turn sampler as briefly described in Section 2.2.2 to sample from the true parameter
posterior distribution. For each posterior distribution corresponding to one of the 100 sample
paths, we generated four HMC chains with 500,000 iterations each. The first half of the
chains was discarded as warm-up and the remaining draws were combined to give a sample of
size 10°. We calculated the multivariate effective sample size (ESS) as defined in Vats et al.
(2019) which provides the size of an independent and identically distributed sample equivalent
to our samples in terms of variance and found that the ESS of the obtained samples from
the true posterior distribution is well over 500,000. For each of these samples, we also calcu-
lated the mean, the median, and the variance and compared them to the respective summary

statistic of the samples from the approximated posterior distribution.

The estimation procedures and time measurements were performed on a cluster of machines
with the following specifications: AMD Opteron(TM) Processor 6376 (1.40GHz), 512GB
DDR3-RAM.
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4.3.1 Results for the GBM

Figures 4.9 and 4.10 and Tables 4.1 and 4.2 summarize the results of running each of the
methods once for one hour for each of the 100 GBM trajectories. Figures 4.9 and 4.10 show
the density plots of the difference between the respective statistic (mean, median, or variance)
calculated for a sample from the approximated posterior distribution obtained by the respective
method and the statistic for a sample from the true posterior distribution of the same sample
path. Each density plot aggregates 100 such difference values, one for each of the 100 GBM

trajectories.

Posterior mean a Posterior median a Posterior variance a
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Figure 4.9: Sampling results for o obtained by each of the estimation procedures. Each

density plot aggregates 100 deviations between the respective statistics (left: mean, middle:
median, right: variance) calculated for the sample from the approximated posterior and for the
sample from the true posterior distribution, one for each of the 100 sample paths of the GBM.
The rows show results for different numbers m of subintervals between two observations. For
m = 1, no data points were imputed and only Step (1) in Section 3.4.1, the parameter update,
was repeated in the estimation procedure.

Table 4.1 tabulates the root mean square error (RMSE) based on these differences for each of
the considered methods, discretization levels m, and statistics. We use the RMSE as the mea-
sure of the overall accuracy. The lower the RMSE is, the higher the accuracy of the respective
method. Table 4.2 empirically evaluates the computational efficiency of the considered meth-
ods, including the number of iterations completed after one hour, the multivariate ESS based

on the obtained sample after discarding a burn-in phase of 5000 iterations, and the acceptance
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Figure 4.10: Sampling results for o2 of the GBM as described in Figure 4.9,

rates of the parameter and the path proposals. Each of these quantities is averaged over the

100 GBM trajectories and the coefficient of variation is also stated.

For the drift parameter a of the GBM, the four considered schemes perform comparably
for m = 2 and m = 5. In particular, the use of the Milstein approximation does not improve
the accuracy of the posterior mean and median for the same discretization level m. The
accuracy of the posterior variance is slightly improved by the use of the Milstein approximation
when data are imputed. Moreover, for MBE-E, the accuracy does not consistently improve as
m is increased. Whereas, the accuracy for the methods including the Milstein scheme improves
considerably when imputed data are introduced (i.e. m > 1) and it improves slightly when m

is increased from 2 to 5.

For the diffusion parameter o2 of the GBM, we clearly see an improvement in overall accuracy
for the methods involving the Milstein scheme. Combination DBM-M turns out to be the most

accurate, closely followed by MBE-M in the case of the mean and median.

According to Table 4.2, the number of iterations completed within one hour varies substantially
among the different estimation procedures. It is always higher for the procedures that use the
Euler approximation, while especially Combination MBM-M is very time-consuming and thus
completes fewer iterations. Similarly, the multivariate ESS varies substantially among the

different estimation procedures. It is higher for m = 2 than for m = 5 for each of the
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Table 4.1: Empirical characteristics for evaluating the overall accuracy of the parameter
estimation procedures for different numbers m of subintervals between two observations ag-
gregated over 100 deviations between the respective statistics calculated for the sample from
the approximated posterior and for the sample from the true posterior distribution, one for
each of the 100 sample paths of the GBM. The lowest RMSE per m and per statistic is printed
in boldface.

Method RMSEs for «v RMSEs for o2
mean median variance | mean median variance
m—1 Euler 0.282 0.244 0.456 | 0.638  0.600 0.471
Milstein 0.851  0.780 1.158 | 0.282  0.265 0.176
MBE-E 0.266 0.238 0.526 | 0.211 0.198 0.141
"9 MBE-M 0.311  0.302 0.476 | 0.109  0.106 0.057
MBM-M || 0.315  0.305 0.470 | 0.112  0.107 0.057
DBM-M || 0.318  0.308 0.485 | 0.101  0.099 0.044
MBE-E 0.277 0.254 0.524 | 0.113  0.098 0.127
5 MBE-M 0.288 0.274 0.474 | 0.031 0.031 0.050
MBM-M | 0.292  0.278 0.492 | 0.040  0.037 0.058
DBM-M || 0.291  0.275 0.472 | 0.031 0.030 0.037

RMSE denotes the root mean square error.

considered estimation procedures. The acceptance rate of the parameters is slightly lower
when the Milstein scheme is used for the approximation of the likelihood function. In addition,
the acceptance rate of the parameters decreases as the number of imputed points increases.
The acceptance rate of the path is highest for Combination MBM-M. For MBE-E, it would be
just as high if one did not substitute 1 and o1 by p and o;. For MBE-E, MBE-M, and

DBM-M, the acceptance rate of the path increases as the number of imputed points increases.
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4.3. Simulation study

Table 4.2: Empirical characteristics for evaluating the computational efficiency of the param-
eter estimation procedures for different numbers m of subintervals between two observations
aggregated over 100 trajectories of the GBM. Each of the procedures was run for one hour.
Acceptance rates are defined to take values between 0 and 1. For m = 1, no data points
were imputed and only Step (1) in Section 3.4.1, the parameter update, was repeated in the
estimation procedure. Specifications for the computing power are stated in the main text.

Number of Multivariate Acceptance | Acceptance
iterations effective rate of the rate of the
Method after 1 hour sample size parameters path
mean c.v. mean c.v. | mean c.w. | mean c.v.
Euler 25134301 0.03 | 1273744 0.16 | 0.518 0.02 — —

Milstein 4454863 0.03 | 146362 0.41 | 0.425 0.14 — —

MBE-E 8583614 0.03 | 170827 0.19 | 0.442 0.01 | 0.842 0.04
MBE-M 1816144 0.03 24090 0.38 | 0.417 0.03 | 0.799 0.05
MBM-M 300870 0.03 6881 0.21 | 0.417 0.03 | 1.000 0.00
DBM-M 1754024 0.10 28089 0.31 | 0.417 0.03 | 0.839 0.04

MBE-E 6765054 0.10 49885 0.18 | 0.310 0.01 | 0.892 0.02
MBE-M 892487 0.02 5033 0.24 | 0.304 0.01 | 0.844 0.03
MBM-M 78215 0.04 573 0.20 | 0.304 0.01 | 0.978 0.01
DBM-M 879227 0.03 5535 0.21 | 0.304 0.01 | 0.884 0.02

c.v. denotes the coefficient of variation.

4.3.2 Results for the CIR process

Figures 4.11 and 4.12 and Tables 4.3 and 4.4 summarize the results of the simulation study for
the CIR process. Figures 4.11 and 4.12 show the density plots of the difference between the
respective statistic (mean, median, or variance) calculated for a sample from the approximated
posterior distribution obtained by the respective method and the statistic for a sample from
the true posterior distribution of the same sample path. Table 4.3 tabulates the RMSE based
on these differences for each of the considered methods, discretization levels m, and statistics,
and Table 4.4 empirically evaluates the computational efficiency of the considered methods as

explained in more detail in the beginning of the previous subsection.

Similar to the results for the GBM, the use of the Milstein approximation does not consistently
improve the overall accuracy for the drift parameter 3. The accuracy increases (i.e. the

RMSE decreases) for increasing m for most of the methods. Only Combination MBM-M
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Figure 4.11: Sampling results for 3 obtained by each of the estimation procedures. Each
density plot aggregates 100 deviations between the respective statistics (left: mean, middle:
median, right: variance) calculated for the sample from the approximated posterior and for
the sample from the true posterior distribution, one for each of the 100 sample paths of the
CIR process. The rows show results for different numbers m of subintervals between two
observations. For m = 1, no data points were imputed and only Step (1) from Section 3.4.1,
the parameter update, was repeated in the estimation procedure.

has lower accuracy for m = 5 due to the low sampling efficiency and the resulting low ESS.
For the diffusion parameter o2, the use of the Milstein approximation and increasing m both
improve the overall accuracy. Again Combination DBM-M achieves the highest accuracy,
closely followed by MBE-M.

Also for the CIR process, the number of iterations completed after one hour and the multi-
variate ESS of the obtained sample vary substantially between the different procedures. Both
quantities are highest for Combination MBE-E, they are similar for MBE-M and DBM-M, and
particularly low for MBM-M.

78



4.3. Simulation study

-
1
£
20
N
{l 10
£
5
0
35
30
w 25
n 20
IS 15
10
5
0

Posterior mean ¢°

-03 -02 -01 0.0 0.1
Deviation

-03 -02 -0.1 0.0 0.1
Deviation

B T T I T T
-03 -02 -01 0.0 0.1
Deviation

Posterior median o2

=

oN MO ® O

-03 -02 -01 0.0 0.1
Deviation

-03 -02 -0.1 00 0.1
Deviation

30

20

10

- T T I. T T
-03 -02 -01 0.0 0.1
Deviation

15

10

30

20

10

40
30
20
10

Posterior variance o°

-03 -0.2 -01 00 01
Deviation

-4 =
-03 -02 -0.1 00 01
Deviation

-03 -02 -01 00 01
Deviation

Euler
Milstein

MBE-E

MBE-M
MBM-M
DBM-M

MBE-E

MBE-M
MBM-M
DBM-M

Figure 4.12: Sampling results for 02 of the CIR process as described in Figure 4.11.
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Table 4.3: Empirical characteristics for evaluating the overall accuracy of the parameter
estimation procedures for different numbers m of subintervals between two observations ag-
gregated over 100 deviations between the respective statistics calculated for the sample from
the approximated posterior and for the sample from the true posterior distribution, one for
each of the 100 sample paths of the CIR process. The lowest RMSE per m and per statistic

is printed in boldface.

Method RMSEs for 6 RMSEs for o2
mean  median variance | mean  median variance
m—1 Euler 0.0179 0.0115 0.0478 | 0.1603 0.1530  0.0673
Milstein || 0.0174 0.0110 0.0587 | 0.1306 0.1233 0.0595
MBE-E 0.0099 0.0064 0.0265 | 0.0910 0.0865  0.0417
m— 9 MBE-M 0.0105 0.0063  0.0413 | 0.0656 0.0619  0.0309
MBM-M | 0.0151 0.0120  0.0462 | 0.0658 0.0625  0.0325
DBM-M || 0.0097 0.0061 0.0330 | 0.0653 0.0617 0.0308
MBE-E 0.0052 0.0036 0.0144 | 0.0400 0.0380 0.0194
— MBE-M 0.0077 0.0049 0.0375 | 0.0271 0.0259 0.0156
MBM-M | 0.0307 0.0204  0.1103 | 0.0509 0.0420  0.0615
DBM-M 0.0085 0.0052 0.0321 | 0.0270 0.0256 0.0156

RMSE denotes the root mean square error.
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Table 4.4: Empirical characteristics for evaluating the computational efficiency of the param-
eter estimation procedures for different numbers m of subintervals between two observations
aggregated over 100 trajectories of the CIR process. Each of the procedures was run for one
hour. Acceptance rates are defined to take values between 0 and 1. For m = 1, no data points
were imputed and only Step (1) from Section 3.4.1, the parameter update, was repeated in
the estimation procedure. Specifications for the computing power are stated in the main text.

Number of Multivariate Acceptance | Acceptance
iterations effective rate of the rate of the
Method after 1 hour sample size parameters path
mean c.v. mean C.v. | mean c.v. | mean cC.v.
m— 1 Euler 23461023 0.11 | 2422521 0.14 | 0.443 0.03 - -
Milstein 4685450 0.03 | 480549 0.08 | 0.442 0.03 - -
MBE-E 8482241 0.06 | 422034 0.10 | 0.384 0.03 | 0.964 0.01
=9 MBE-M 1944229 0.05 94071 0.10 | 0.383 0.03 | 0.957 0.01
MBM-M 186588 0.06 9429 0.13 | 0.383 0.03 | 1.000 0.00
DBM-M 1905354 0.04 95262 0.10 | 0.383 0.03 | 0.968 0.01
MBE-E 6851197 0.05 | 114344 0.10 | 0.272 0.03 | 0.976 0.01
S MBE-M 966579 0.04 15599 0.13 | 0.272 0.03 | 0.965 0.01
MBM-M 37648 0.12 574 0.25 | 0.272 0.03 | 0.993 0.00
DBM-M 906791 0.08 14881 0.14 | 0.272 0.03 | 0.975 0.01

c.v. denotes the coefficient of variation.
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4.4 Summary and discussion

We have demonstrated how to implement an algorithm for the parameter estimation of SDEs
from low-frequency data using the Milstein scheme to approximate the transition density of
the underlying process. Our motivation was to improve numerical accuracy and thus reduce
the amount of imputed data and computational overhead. However, our findings are rather
discouraging: We found that this method can be applied to multidimensional processes only
with impractical restrictions. Moreover, we showed that the combination of the MB proposal
with the Milstein scheme for the proposal density may lead to an empty set of possible proposal
points, which would require switching to the Euler scheme in order to proceed. One of the
strengths of the original (Euler-based) MCMC scheme is its generic character and applicability.
Through this, it possesses a practical advantage over otherwise more sophisticated methods
such as the Exact Algorithm (Beskos et al., 2008). This strength does not translate to the
Milstein-based MCMC scheme due to the limited applicability of the Milstein approximation
especially in the multidimensional setting. Thus, methods like the Exact Algorithm may be
a reasonable alternative. The limited applicability of the Milstein approximation would also
persist for advanced forms of the discussed MCMC scheme like the innovation scheme in
Golightly & Wilkinson (2008) or for even more generic algorithms like particle MCMC as
studied in Golightly & Wilkinson (2011).

In our simulation study, we found that the overall accuracy for the estimates for the drift
parameter of the GBM does not necessarily improve when the Milstein scheme is used. Fewer
iterations are completed for the methods involving the Milstein scheme and also the ESS is
substantially lower. Thus, the poor sampling efficiency might outweigh the (potential) increase
in accuracy of the approximation of the posterior distribution. Especially the combination
MBM-M results in a particularly low number of iterations and a low ESS. Due to the already
quite low ESS achieved by the Milstein-based methods for m = 5 subintervals between two
observations, we did not consider higher discretization levels. Moreover, note that tuning the
variance hyperparameters for the random walk proposals of the parameters in Step 3a in the
simulation study to reach an optimal acceptance rate might lead to a higher ESS. However,
since the acceptance rates achieved in the simulation study lie in a range where the sampling
efficiency is rather robust to changes in the acceptance rate as shown in Roberts & Rosenthal
(2001) (in the high-dimensional limit), we do not expect the change in the ESS after tuning

to be substantial.

For the estimates for the GBM diffusion parameter, the overall accuracy is increased by the
use of the Milstein scheme. DBM-M turns out to be the most effective combination in terms

of overall accuracy.
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4.4. Summary and discussion

The results of the simulation study for the CIR process are very similar as for the GBM. The
use of the Milstein approximation does not consistently improve the overall accuracy for the
drift parameter; however, it does improve the accuracy for the diffusion parameter. Again
Combination DBM-M achieves the highest accuracy, closely followed by MBE-M.

It was expected that the use of the Milstein scheme would make a difference for the estimates for
the diffusion parameters because the additional term added by the Milstein scheme compared
to the Euler scheme involves the diffusion function and its derivative. Nevertheless, the general
applicability of the Euler scheme remains a great advantage and the search for different proposal
schemes such as in Whitaker et al. (2017) and van der Meulen & Schauer (2017) rather than
for different numerical discretization schemes may be a more promising way towards more

efficient estimation algorithms for diffusion processes.
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Chapter 5

Application: Modeling translation
kinetics after mRNA transfection
using diffusion processes

In this chapter, we apply It6 diffusion processes to model the translation kinetics after mRNA
transfection and perform parameter inference for this model based on single-cell data from
time-lapse fluorescence microscopy. mRNA transfection is the process of introducing mRNA
into a living cell. mRNA delivery has become increasingly interesting for biomedical applications
because it enables treatment of diseases by means of targeted expression of proteins and it is
transient, avoiding the risk of permanently integrating into the genome (see e.g. Sahin et al,,
2014). One of the most prominent applications of mMRNA transfection at the moment are the
mRNA-based vaccine candidates that are already in use or currently under investigation to
prevent COVID-19 infections (DeFrancesco, 2020). In such a context, it is, of course, very
import to have a precise understanding of the dynamics of the underlying processes in order
to be able to control them. Yet, many aspects and the determinants of the mRNA delivery

process and the translation kinetics are difficult to measure and therefore poorly understood.

One of the few ways to measure quantities within a living cell over time (i.e. keeping it
alive is necessary) is the use of fluorescence reporters and fluorescence microscopy. Single-
cell fluorescence data from transfection experiments has been analyzed based on ordinary
differential equation (ODE) modeling in several previous studies e.g. Ligon et al. (2014),
Leonhardt et al. (2014), Frohlich et al. (2018), and Reiser et al. (2019). Here, we use the
experimental data from Frohlich et al. (2018) and investigate a stochastic differential equation

(SDE) modeling approach. Our main interest lies in the question whether an SDE model allows
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to identify more model parameters from experimental data compared to the corresponding

ODE model. Moreover, we provide essential theoretical results for the SDE model.

Inference from fluorescence data for SDE models has also been conducted e. g. in Heron et al.
(2007), Finkenstadt et al. (2008), and Komorowski et al. (2009), however for an experimental
setup that also included the transcription process. Finkenstddt et al. (2008) even considered
an SDE and an ODE model in one of their case studies, but their results did not directly
show any differences in the parameter identifiability and the study was not focused on this
aspect. When the main part of our study was conducted there was no published work that
systematically compared the parameter identifiability between an SDE and an ODE model.
Meanwhile, Browning et al. (2020) have recently published a study on this topic investigating
four different example models with simulated data. We include their approach to structural

identifiability analysis for SDE models in our study.

This chapter is composed as follows: We first describe the experimental data in Section 5.1
and formulate the reaction network which we want to consider for the translation kinetics
and its ODE and diffusion approximation in Section 5.2. Then in Section 5.3, we prove the
existence and uniqueness of the solution for the SDE formulation and the convergence of
the Euler approximation to this solution which is one of the most notable contributions of
this chapter. After stating the model of the observations in Section 5.4, we try to assess
and compare the structural identifiability of the parameters for both modeling approaches in
Section 5.5. We define the parameter posteriors for both modeling approaches in Section 5.6,
study the practical identifiability of the parameters based on simulated and experimental data
in Sections 5.7 and 5.8, respectively, and conclude with a summary and discussion of our

findings in Section 5.9.

5.1 Experimental data

We consider data that was collected in the lab of Prof. Joachim Radler at LMU Munich
and has previously been analyzed (based on ODE modeling) and published in Frohlich et al.
(2018). The data was generated in an experiment where cells (human hepatoma epithelial cell
line HuH7) were transfected with mRNA encoding a green fluorescence protein (GFP). The
cells were fixed on micro patterned protein arrays and time lapse microscopy images of the
cells were taken every 10 minutes over the course of at least 30 hours (i.e. there are at least
180 measurements per cell). For the first hour, mRNA lipoplexes were added. Afterwards, the
cells were washed with cell culture medium such that no further lipoplex uptake occurs. The
time point at which the lipoplexes were taken up, dissolved and released the mRNA as well as

the number of mMRNA molecules released are unknown.
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5.1. Experimental data

The released mRNA was translated into a fluorescence protein which caused the cells to
fluoresce. For each image taken during the experiment, the fluorescence intensity is integrated
over squares occupied by one cell in order to obtain one value for the mean fluorescence
intensity per cell and time point (see Frohlich et al., 2018, for further details about the image

analysis).

The experiment was conducted with two different types of GFP that differ in their protein
lifetime: enhanced GFP (eGFP) and a destabilized enhanced GFP (d2eGFP). For each type
of GFP, three replications of the experiment were conducted. We use the data from the
experiment on April 27, 2016. It contains measurements for more than 800 cells for each type

of GFP. Some trajectories of the mean fluorescence intensity are displayed in Figure 5.1.
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Figure 5.1: Trajectories of the mean fluorescence intensity for seven cells from the mRNA
transfection experiment in Frohlich et al. (2018) for eGFP and d2eGFP (April 27, 2016),
respectively.

As will become clear in the course of this chapter, ODE models of the translation kinetics of
an individual cell are not globally identifiable with the available experimental data as described
above. Several of the ODE model parameters cannot be uniquely determined based on one
observed fluorescence trajectory. Frohlich et al. (2018) use a mixed-effect ODE model in order
to incorporate the translation kinetics of several cells and data for both different types of GFP
(eGFP and d2eGFP). Through this approach, they are able to improve parameter identifiability
(by breaking the symmetry between the degradation rate constants); however, their approach
is computationally very intense, required conducting the experiment with two types of GFP,
and still leaves several parameters non-identifiable. Here, we are interested in the question
whether the use of an SDE model can improve the parameter identifiability even when only

one fluorescence trajectory is observed.
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5.2 Modeling the translation kinetics

While Frohlich et al. (2018) use a mixed-effect ODE model in order to incorporate the trans-
lation kinetics of several cells, we will focus on modeling the translation kinetics of one cell in

order to study parameter identifiability based on one observed fluorescence trajectory.

We consider the basic model configuration that models only the (released) mRNA and the

GFP molecules explicitly. Therefore, our model is a dynamic process with two components:

X(t) = X1(t) amount of mRNA molecules,
-\

amount of GFP molecules.

We assume that all mRNA molecules (within one cell) are released at once at the initial time
point denoted by ty. Before tg, there are neither mRNA nor GFP molecules, and at ¢, an

amount of mg mMRNA molecules is released, i.e.

X(t) = (g) fort <ty and X(ty) = <WSO> .

Conceivable extensions of this basic model configuration are e. g. to include enzymatic degra-
dation of the mRNA and/or the protein, ribosomal binding to the mRNA for translation, and
a maturation step of the protein. However, we will only consider the basic configuration as

described above.

5.2.1 Markov Jump Process

Assuming that the matter within the cell is well-stirred and in thermodynamic equilibrium, an
Markov jump process (MJP) is regarded to be the most adequate representation of this system

after ty. In the basic model configuration, there are three possible reactions:

X, 50 degradation of mRNA,
X1 2 X1+ X translation,
Xy 550 degradation of GFP.
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The three reactions change the state of the system in the following way and occur with the

following reaction rates:

X Xi—-1

o (Y with rate 61 X7,
X5 X5
X X

Ll RN ! with rate 65 X7,
X Xo+1
X X

L N ! with rate 03X5.
X5 Xy —1

If we denote the probability distribution of the random variable X (¢) by
Pi’j(t) - P(Xl(t) = i7X2(t) - .7)7

the corresponding chemical master equation (CME) reads

oP;;(t)

el 01(i 4+ 1) Pig1,5(t) + 02iP; j—1(t) + 03(5 + 1) P j1(t) — (1@ + 021 + 635) P; ;(¢).

Although the system contains only first-order reactions, there is no closed-form solution to the
CME. Thus, there is no explicit formula for the transition probability distribution p(X (t)| X (s), 0)
for s < t.

5.2.2 ODE model

The following system of ODEs is a deterministic approximation of the MJP modeling the

dynamics as described above:

dX () o —601 X1(t)
at = (92X1 (t) B 93X2(t)> fOI’ t Z to. (51)

This system admits the solution

Xl(t) = Moy exXp (—91 (t — to)) N

famg e—Gl(t—to) — e~ Os(t—to) ,for 0 03,
Xo(t) =< B0 ( ) A

(5.2)
egmo(t — t0)6_93(t_t0) ,for 6; = 63.

Note that the solution for X5(t) is symmetric in the parameters 61 and 6.
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5.2.3 SDE model

A stochastic but state-continuous approximation to the MJP in Section 5.2.1 is given by an

[to diffusion process that is described by the following SDE:

_ —91X1(t> 91X1(t) 0
Xt = <92X1(t) - 93X2(75)> “ < 0 V02 X1 () + 93X2(7f)> B 53)

for t > to and where B(t) is a 2-dimensional standard Brownian motion.

Note that for a diffusion approximation (as well as for the ODE approximation), the size of the
system can play an important role. However, since the model that we consider here contains
only first-order reactions, the size of the system does not affect the interpretation of the kinetic

parameters and does not need to be considered here.

5.3 Essential theoretical results for the SDE model

Before we can further consider the inference problem for the models introduced in the previous
section, we need to ensure that SDE (5.3) is meaningful, i. e. that it admits a unique solution.
Moreover, since there is no known explicit solution of SDE (5.3), we want to apply the Euler
approximation. Hence, we need to show that this approximation scheme converges to the
solution as the time step decreases. While the fundamental importance of both results should
be obvious, their derivations are usually neglected when diffusion approximations are applied
in systems biology. Due to the square root, the diffusion coefficient is not Lipschitz continuous
and general SDE results such as Theorem 3.1 do not apply. Therefore, the proof of existence
and uniqueness of the solution for SDE (5.3) and the proof of convergence of the Euler

approximation are the subject of the following two subsections.

5.3.1 Existence and uniqueness of the solution

We first consider the following modified version of SDE (5.3):

dX;(t) = —01 X4 (t)dt + V6 Xq(t) vVOdBy(t), (5.4a)
dX,(t) = (02X (t) — 03 Xa(t)) dt + \/(GQXl(t) +03X5(t)) VOdBa(t), (5.4b)
X1(to) = mo, (5.4¢)
Xa(to) =0, (5.4d)
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where V denotes the max operator, i.e. a V b := max(a,b) for a,b € R.

Therefore, we consider the drift coefficient function

o) e p (e, w2) | —bhay
) (M(l‘l,l‘z)) <929€1—93$2>

and diffusion coefficient function

0'(33) o <01($1,$2) 0 ) _ ( 01(.7,'1 \/0) 0 )
' 0 O’Q(.’El, ajg) 0 \/(92561 + 93$2) YA

for & = (1, 22) € R2.

In the following, we assume without loss of generality that ¢ty = 0.

Evidently, pi(x1,22) and pae(x1,z2) are (Lipschitz) continuous functions. The square root
function and thus also o1(x1,22) and og(x1,z2) are Holder continuous with exponent 1/2.
Moreover, the squared norm of the coefficient functions can be estimated as follows
2
H (Ml e ) = 0727 + (221 — O322)°
pa(z1, r2)

< 0222 + 0322 + 0323 + 0203(x% + 13)
< 3-max {67,03,05} (27 + 23 + 1)
= O(l2|* + 1)

and

2

= (01(21,22))" + (02(21,22))°

<01(x1,x2) 0 >
0 o2(x1,x2)

=61(x1 VO)+ (fax1 + O322) VO

< O1|z1| + O2|z1| + O3]22]

< 8-max {01, 0o,03} (22 + 23 +1)
= C(Jlz]* +1).

Hence the prerequisites of Theorem 3.3 are fulfilled; and therefore, we know that weak solutions

of SDE (5.4) with finite second moments exist.

Equation (5.4a) describing the evolution of X(t) does not depend on the second compo-
nent Xo(t). Thus, we can consider it as a one-dimensional process which fulfills the pre-

requisites for Corollary 3.4 and obtain that the pathwise uniqueness of solutions holds. Due
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to Remark 3.1, we know that Equation (5.4a) has a unique strong solution. Moreover, the
solution takes non-negative values (cf. lkeda & Watanabe, 1981, Example 8.2, p.221), so we
can omit the max operator. From Lamberton & Lapeyre (1996, Proposition 6.2.4.), it follows
that for the stopping time

Tx, 0 :=inf{t > 0: X1(t) =0}

it holds that
P{rx,0 < o0} =1
This property that almost all trajectories reach zero in finite time goes well with the interpre-

tation of the solution process as the approximation of a stochastic (discrete) decay process.

Next, we show that Equation (5.4b) describing the evolution of X(t) has with probability 1
a pathwise unique solution. The idea of the proof is similar to the proof of Theorem 3.2 in
Ikeda & Watanabe (1981, p.168). Then, again due to Remark 3.1, we obtain that this unique

solution is a strong solution.

Theorem 5.1. For the weak solutions of Equation (5.4b), pathwise uniqueness holds.

Proof. As in lkeda & Watanabe (1981, pp. 168), let 1 > a; > as > ... > a, > ... > 0 be

defined by
1 1 a1 1 an—1 1
/du:l, / —du=2, ..., / —du = n,
ay U as U a Uu

n

Clearly, a, — 0 as n — oo. Let ¢, (u), n =1,2,..., be a continuous function such that its

support is contained in Ja,, an—1],

2

0 < p(u) < -

an—1
and / Un(u)du = 1.

Set

lz|  ry
on(z) = /0 /0 Y (u) dudy, z e R

It is easy to see that ¢, € C2(RY), |¢)(2)| < 1, vn(z) 1 |2| as n — oo, and

%(x):/f /Oy¢n(u)du dy+/an1 /Oy¢n(u)du dy+/0an /Oy¢n(u)du dy
- an

=1 for y>an_1 >0 for an<y<an—1 =0 for y<an,

||
> / 1dy = |z| — an—1. (5.5)
an—1
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Suppose Y7, Ys are two weak solutions of Equation (5.4b) with Y7(0) = Y2(0) = 0, the same
Brownian motion Bs(t), and X is the strong solution of Equation (5.4a). We introduce the
following stopping times

Tx,r = 1nf{t > 0: X;(t) > r}
Ty, r = 1nf{t > 0 : |Y1(t)| > r}
Ty,,r = 1nf{t > 0 : |Ya(t)| > r},

forr=1,2,3,.... Let r be arbitrary but fixed and define 7, := 7x, » A vy » A Tyvy -
Then we have
YitAT) Yot AT) =

/0 [(62X1(s) — 63Y1(s)) — (62X1(s) — 63Ya(s))] ds

+ /O n [V0X105) + 0V4(5) V0 — /(02X (5) + 0V (5)) V 0] dBa(s)
and by 1t8’s formula
onYVi(t A7) —Ya(tAT)) =
[ ) - Ve @a03a0s) — Vi) s
w5 [ s - vae)
V00X T 051 (50) VO — /(8K () + 05%5()) VO] s
[ ) - Vo),

[\/(92X1(s) T 05Y1(5)) V 0 — /(62X () + 05 Ya(s)) V o] dBa(s).

Since the expectation of the last term on the right-hand side is zero, we have
Elon(MEAT) = Ya(t AT))] =
tATy
B[ M) - (o) el - Vi) as|
0
1 tATy
+5E| [ me - )
0

[\/ (02X 1(s) 4 03Y1(5)) VO — /(62X (s) + 03Ya(s)) V 0] : ds]

= Il,r + 12,7“-
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Now, we estimate both summands by

t
| .| = ‘E [/ ol (Yi(s A1) — Ya(s A1) (03(Ya(s A7) — Yi(s /\Tr)))d5:|

<E [/ ‘cpn Yi(s A1) —Ya(sATp) “03 (Yao(s A1) — Yl(s/\Tr))ds]
E[ O3|(Ya(s A1) — Yi(s A7p)|ds
—«93/ [|[(Ya(s A7) —Yi(s AT)|] ds
0

and

el = 5 B[ [ it nm) - ats )

[\/(egxl(s A7)+ 05Y1(5 A7) VO — /(02X1(5 A7) + 053 (5 A7) V o} ’ ds}

IA
[
&=

/ |<p” (Yi(s A1) Yg(s/\n))‘-

N(egxl(s A7)+ 05Y1(5 A7) VO — /(02X1(5 A 7y) + O5Ya(s A 7)) V o} ’ ds]

IN
[
=

/t 2 1 .
LJo n|Yi(s A7) —Ya(s A7)
[\/(ele(s A7)+ 05Y1(5 ATr)) VO — /(02X1(5 A 7p) + O5Y3(s A 7)) V 0}2 ds} .

It follows from the Holder continuity of the square root function that

1 t9 1
L,|<-E - -
ol < 2 [/0 n|Yi(s A1) — Ya(s A1)

V@X1 (s A7) + 85V (s A7) V0) — (02 X1 (5 A7) + OYals A7) V)| i ds}

1 t9 1
2t [/0 Vi AT —Yals Ar))|

2
[\/(92X1(5 A1)+ 03Y1(5 A7) — (B2 X1(5 ATr) + 05Ya(s A Tr))} ds}

1 [ ["2 !
- §E [/0 nYi(s Ary) = Ya(s A7)l {
tOs

= — — 0 as n — oo and for every r > 0.
n

VO5(Yi(s A7) — Ya(s A Tr))} ’ ds}
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5.3. Essential theoretical results for the SDE model

Consequently, by letting n — oo, we have ¢, () — |z| and
t
E[[Yi(t A7) — Ya(t Ary)[] < (93/ E[|(Yi(s A7y) — Ya(s A7y)[] ds.
0
By Gronwall's Lemma (see Theorem A.1 in the appendix), we have

E[Yi(t A7) —Ya(t A7p)]] <O forall t,r >0

and thus
E[|Yi(t A1) —Ya(t ATp)|] =0 for all ¢,7 > 0.

The last relation implies
P{Yi(t A1) =Ya(t A7) forallt,r >0} =1

which ensure the pathwise uniqueness of the solution. ]

Next, we show that the term 05X (t) + 03X2(t) in the radicand of o9 is non-negative. We
introduce the stopping time

T_e:=1inf {t > 0: 02X, (t) + 03Xa(t) = —¢}.

Suppose that P = {7_. < 0o} > 0. Then, since the trajectories of X (¢) are continuous and
02X1(0) + 03X2(0) = Oamg > 0, there exists an 7 < 7_. such that

92X1(t) + 03X2(t) >0 for te ]0, 7’]
and
02 X1(t) + 03 Xo(t) <0 fort e |r, 7|

In this case, for the second component, Xs(t) < —%Xl(t) for t € |r,7.] must hold because
X1(t) is non-negative. Moreover, the diffusion coefficient of the second component vanishes

on this time interval and we have
dXQ(t) =0 X, (t) — 93X2(t) dt for t € ]T, T,E[.

As X, (t) is negative for ¢ € |r, 7_.], the right hand side is positive for ¢ € |r, 7_.[. Therefore,
Xs(t) is increasing for ¢ € |r, 7_.[; and thus, the radicand cannot further decrease and cannot

reach —e. This insight contradicts the assumption that 7_. is finite. From this, it follows that
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02 X1(t) + 03X2(t) stays non-negative and consequently, we can omit taking the maximum of
zero and 02X (t) + 03 X2 (t).

We have shown that the modified 2-dimensional SDE (5.4) has a unique strong solution.
Moreover, we know that the radicands in the diffusion terms for both components of the
solution process stay non-negative; and consequently, we can omit the max operator in the
respective diffusion coefficient. In conclusion, we obtain that also for the original SDE (5.3)

there exists a unique strong solution.

5.3.2 Convergence of the Euler-Maruyama scheme

In this section, we show that the Euler approximation of the solution X (t) of Equation (5.3)
strongly converges to X (). We consider the representation of the Euler approximation as
introduced in Equations (3.13) and (3.14) in Section 3.3. For n > 1, let ky, : [0,7] — [0, T
be defined by #,(T) := =17 and

kn(t)= — for — <t<~——  fori=0,...,n—1. (5.6)

We define the Euler approximation X" (t) = (XP(t), X2(¢))™ of the solution X (¢) of Equa-
tion (5.3) by

dX7(t) = —01 X7 () dt+ 01 X7 (kn(t)) dBi (1),
(5.7a)
AXF() = (62X (5n(t)) — 03XF (sn(t))) At /02T (0 (8)) + 65X (10 (£)) B (),
(5.7b)
X?(to) = my, (5.7C)
X3 (t) =0, (57d)

for t € [to, T]. As in the previous subsection, we assume without loss of generality that ¢y = 0.

Theorem 5.2 (Convergence of the Euler scheme). For the solution X (t) of Equation (5.3)
and its Euler approximation X" (t), the solution of Equation (5.7), it holds that

lim sup E|X(¢t)—X"(¢)| =0.

The idea of the proof is again similar to that in lkeda & Watanabe (1981, pp. 168) and based
on the functions ¢y, as introduced in the proof of Theorem 5.1. This idea has also been used
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for proofs of convergence for different types of SDEs e.g. in Gyongy & Résonyi (2011), Ngo
& Raguchi (2016), and Yang et al. (2019).

Proof. We can again consider the proof for the first component X;(¢) independently as a

one-dimensional equation as it does not depend on X5(t). Therefore, we first show that

lim sup E|X;(¢) — X{'(¢)|=0.

n—=00 0<t<T

With Corollary 3.7, we have

Cq
E| sup |X,() — X7(0)]| < , 5.8
0§t£T| 1(t) (@) < U (5.8)

where C1 is a constant depending on K, T, and (mg)?, but independent of n.

In particular, we obtain

sup E[Xq(t) — X{'(t)| <E [ sup |X1(t) — X{‘(t)ll <
0<t<T 0<t<T

Next, we consider the Euler scheme (5.7b) for the second component Xs(t) of Equation (5.3).
We have

Xo(t) - X2(t —92/X1 Xy mn<>>ds+93/ —Xa(s) + X (sn(s)) ds

/ \/92X1 +93X2 \/92X Hn +93X ( ( )) dBQ(S).

We again use the functions i, k =1,2,..., as constructed in the proof of Theorem 5.1 and

apply the 1t6 formula to obtain

Elpr (Xa(t) — X3 ()] = o [/0 ol (Xa(s) — X3'(5)) (X1(s) — X7 (kn(s))) dS}
t
+ 6:E [/0 Pk (Xa(s) = X3'(5)) (Xa(s) = X5 (kn(s))) dS]

+;E[/Ot¢,;(xg() X2(s (\/egXl ) + 03 Xs(s)

_\/92)( (Fn(8)) + 03X2 (r ()))2013]
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Due to the properties of ¢y, (in particular |} ()| < 1), we have

t
Rae) < 0a | [ |X1<s>—X?<nn<s>>|ds]

~ o 1Xa(s) - X7 (s) + X7 X?(mn<s>>rds]
< E / Xi9) - K79 ds| + 02 [/ X (6) = X (5 (o0 5]

+ 6FE

T
/O sup | X7 (s) —X{‘(mn(s))|ds].

gezm/ sup | X1(s) — X7(s)] ds
0 0<s<T

0<s<T

We apply Relation (5.8) to the first term and Relation (3.16) to the second term and obtain

R(t) < QQT% n GQT% (5.9)
Similarly, we obtain
Ru(t) < O5E [ [ et - x50 ds] | OE [ [ 136) = X3 (sl ds
“2 oE [ / X (s) — X3(s), ds} + egT(;i (5.10)

Due to the Holder continuity of the square root function, we have

ra(t) < 3 | [ ot (6alo) - X300

2
(V 02(X1 () — X7 (n(5))) + B(Xa(s) - X3<nn<s>>>) ds]
< 5B | [ Al (al9) = X3(9) 030 5) = X750 () ds}

t
g [ [ A 0als) — XD 1)~ X5 ds]
—: Ro(t) + Ralt).

With the properties of ¢y, (in particular ¢}(z) = ¥y(z), 0 < ¢(z) < A and the support
of 1y, is contained in the interval Jag, arp_1[), it follows that

Rlt) < B [ A kiezoﬁ(s) - X{ (51 ]

ot (2| [0 - xp1ad +2 [ [0 - et o] ).
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We again apply Relation (5.8) to the first summand and Relation (3.16) to the second summand
and obtain

Rt < oir (G G2, 1)

Moreover, we have

Rolt) < D8 | [ (o) - X39) 13a(s) ~ X3 (9] |
+ B8 | [ (6alo) = X560 [X36) = X3 (sa(oD)]

and again use the properties of j to obtain

wott) < 8L+ e[ [1xp(6) = X s >>\ds}

(316) 9T 93T Cs
< _|_ _— 12
k kap /n (5.12)

By construction (see (5.5)), it holds that i (z) > |x|—ag_1. With this and the Relations (5.9),
(5.10), (5.11), and (5.12), we obtain

E[X5(t) — X3 ()| < ar—1 + E [pr (Xa(t) — X5'(2))]

c s
< + 0,T + 0,T +9E/X X2 (s)| ds
aklzmgfg[u X3(s)]
Cs 1 <01 Cg) 0T 03T (s
05Tt T Zar <y
i “\Vinn Vo kap, /n

By Gronwall's Lemma (see Theorem A.1 in the appendix), it follows that

C1 Cy C
E|Xa(t) — X3(0)] < <ak R B e

Vion T T
03T 93T 03 93T
“ha 92T< f) * Yoo \/ﬁ> ‘
03T 05 0 03 0T
< _ T = . eUs
= (ak 1+ Lk +Cma$ ( ) ( 11’1n+ \/ﬁ+ ﬁ)) (& )

(5.13)

where Ciqy := max {C, Co, C3}.
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Let € > 0. As a;, — 0 and 93TT — 0 for k — o0, there exists a ko(e) such that for k > ko, it

holds that 0.7
<?;€ + akl) 03T < %

We choose k = kg. As \/ﬁ — 0 and ﬁ — 0 for n — 0, there exists an ng(e) such that for

n > no(e), it holds that

1 92 92 93) 0T 9
CmaxT 7‘1'1 + —=+ —F . 3 §*~
<k‘oako ) <\/1nn v vn) € 2

With Relation (5.13), it follows that for n > ng(¢)

E|Xo(t) — X3(t)| <e forall t €[0,T],

and thus,
sup E|Xo(t) — X3 (t)] <e.
0<t<T
This concludes the proof of Theorem 5.2. O

Remark 5.1. From Gyéngy & Rdsonyi (2011, Theorem 2.1), we know that the convergence
rate for the Euler approximation X' (t) of the first component is 1/Inn, and from Rela-
tion (5.13), we see that the convergence rate for the Euler approximation X3 (t) of the second
component is 1/v/Inn. Therefore, overall we obtain a convergence rate of 1/+/Inn for X"(t).

5.4 Model of the observations

In the experiment described in Section 5.1, neither the amount of mRNA molecules nor that
of GFP molecules can be measured directly. Instead, a fluorescence signal is observed which
is assumed to be a linear transformation of the amount of GFP molecules. Moreover, Frohlich
et al. (2018) state that “Analysis of processed data suggested a constant offset and multi-
plicative measurement noise in the recorded fluorescence trajectories.” Therefore, denoting
a trajectory of mean fluorescence intensity observed at time points ¢, for k = 1,..., K, by

{yk k=1, K, we assume that
log(yx) = log (scale - Xo(tx) + offset) + ex, e ~ N(0, 02),

where the random variables ¢ are independent.

Note that the observations depend only on the amount X5 of GFP molecules, but not directly

on the amount X7 of mMRNA molecules.
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Based on the observations {yj }x=1,. &, we want to infer the following unknown parameters:

the three kinetic parameters @ = (61,02, 03) that denote the rate constants for mRNA
degradation, translation, and GFP degradation,

the initial amount my of MRNA molecules and the time point 3 at which it is released,

the scaling factor scale and the offset for the fluorescence signal,

and the standard deviation o of the measurement errors.

5.5 Structural identifiability analysis

Our main interest lies in the question which of the model parameters for our two model types
(ODE and SDE) can be inferred from the experimental data as described in Sections 5.1
and 5.4. Here, we first focus on the parameters 8, mg, scale, and offset that drive the
dynamics of the process and the fluorescence signal. We analyze the structural identifiability
which only considers the model equations of the process dynamics and the observation equation
(not the actual data) and assumes that we are in a perfect data situation, i.e. we have an
infinite amount of data observed without measurement error. Plainly speaking, structural
identifiability analysis answers the question whether different parameter combinations can lead
to the same model output. While for ODE models, there are analytical methods to assess
structural identifiability, no such methods exit for SDE models. Therefore, we use several
different approaches to heuristically assess structural identifiability for our SDE model. In the
following subsections, we consider a transformed version of both model types, we make use of
the open source software DAISY as has recently been suggested by Browning et al. (2020),

and finally we also study simulations of both model types.

5.5.1 Transformed models

We can reformulate the differential equations for both model types by setting

2() - (ZW)) _ o
Zy(t)) "\ scale - Xo(t) + offset

which means that

0 1
Z(t) = fort <tg, and Z(tg) = .
®) <0ffset> 0 (fo) (offset)
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Hence, the second component of the transformed process models the fluorescence signal which

we assume to be observed.

Transformed ODE model

For the ODE model in Equation (5.1), we obtain the transformed model

dZ(t) NG

- for ¢ > t, (5.14)
dt scale OomoZ1(t) — 05(Z5(t) — offset)

and the corresponding solution

Z1(t) = exp (=01 (t — to)),

scale f2m, —61(t— —Os(t—
Zot) = e (e 1t=to) _ o=03(t to)) + offset , for 01 # 03,
scale famg(t — to)e_93(t_t°) + offset ,for 61 = 0s.

The parameters scale, mg, and 6y appear only as a product. Thus, we can already deduce
from this equation that at most the product of the three parameters will be identifiable but not
the three parameters individually. Moreover, since only Z(t) is observed and it is symmetric
in the parameters 0; and 63 (i.e. switching their values will lead to the same model output),

these two parameters can at most be locally identifiable.

Transformed SDE model

For the SDE model in Equation (5.3), we apply the Itd formula from Theorem 3.5 to obtain

the transformed model

dZ(t) = ~hzi(h) dt (5.15)
scale OamoZy(t) — 03(Z2(t) — offset)

bzt 0
+ mo 1( ) dBt for ¢ Z t().
0 Vscaley/scale OamoZy (t) + 05(Z2(t) — offset)

Note that here, the parameters scale and mg also appear outside the product scale famy.
Therefore, we hope to gain more information about the individual parameters from data for
the SDE model than for the ODE model.

102



5.5. Structural identifiability analysis

5.5.2 Using a surrogate model and existing software tools

The open source software DAISY (Differential Algebra for Identifiability of SYstems) was
introduced by Bellu et al. (2007). It is a software tool that implements a differential algebra
algorithm to perform structural identifiability analysis for systems of polynomial or rational
ODEs and that also allows to include unknown initial conditions. Mathematically, the problem
translates into checking the solvability of a very large system of nonlinear algebraic equations.
However, the use of the DAISY software does not require an in-depth understanding of the
underlying theory.

Here, we want to use DAISY to assess the structural identifiability of the parameters in the two
models of the translation kinetics. In order to include the parameters scale and offset, we use
the transformed models from the previous subsection for the identifiability analysis. For the
ODE model in Equation (5.14), the analysis with DAISY is straight forward since it is intended
for the use for ODE models. After applying DAISY, the obtained output shows that when
considering the set of parameters {8, mg, scale, offset}, the model is non-identifiable. The
DAISY output also reveals that this non-identifiability is due to the fact that the parameters 6,
and 03 are only locally identifiable and the parameters 65, mg, and scale are not individually
identifiable, but only their product is. This confirms our assertions from the previous subsection.

Moreover, we obtain that the remaining parameter offset is structurally identifiable.

For SDE models, Browning et al. (2020) suggest to formulate a surrogate model based on
the moment equations of the diffusion process. The moment equations are a system of
ODEs, and thus, DAISY can be applied to this system. For the SDE (5.15), let m;;(t) =
E [(Z1(t))"(Z2(t))?] be the (mixed) moment of the diffusion process of order i and j. The
moments are obtained by applying the It6 formula in Theorem 3.5 to (Z;(t))*(Z2(t))? and
then taking the expectation. Considering the first and the second moments of the process

states results in the following system of ODEs:

dmao(t) _ —01mao(t), mio(to) = 1,
dt
dmc(l);(t) = scale Oamo mio(t) — 03 mo1(t) + Gsoffset, mo1(to) = offset,
dm;;)(t) = Tilo mio(t) — 261 map(t), mao(to) = 1,
dmc(l)i(ﬂ = scale®0ymq myo(t) + O3(scale + 2offset) mo (t) — 265 moa(t)
+ 2scale Oamg mq1 (t) — scale Osoffset, moa(to) = offset?,
dmé;(t) = O30ffset m1o(t) + scale Oamg mag(t) — (01 + 63) ma1(t), ma1(to) = offset,
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where the equations for the two first moments myg and mg; coincide with the ODE model in
Equation (5.14). Since in the experiment, only the fluorescence signal is observed, we consider
the moments that only depend on the second component of the process, i.e. mg1 and mgz,
as output states for the identifiability analysis. Using DAISY, we obtain that the surrogate
model is globally identifiable, i.e. all six parameter values could be uniquely determined if
we were able to observe the moments mg; and mgo directly, infinitely long over time, and
without measurement error. However, this property of structural identifiability (in particular
when using a surrogate model) is only a necessary, but not a sufficient condition for practical
identifiability. From this result, we cannot conclude that the parameters will be identifiable

from the actual experimental data.

5.5.3 Simulating from the models

Another attempt to assess parameter identifiability is to simulate from both model types for
different parameter settings and compare whether we see differences in the simulation output.
To obtain simulations from the ODE model, we use its solution in Equation (5.2). Since
the ODE model is deterministic, each parameter setting yields one unique output trajectory
while for the SDE model, we simulate several trajectories for each parameter setting using the

Euler-Maruyama scheme with a time step of 0.01 hours.

Keeping the product scale #2m( constant

As already pointed out in Subsection 5.5.1, the trajectories of the fluorescence intensity for the
ODE model are identical if the product scale §omg and the remaining parameters are fixed,
even when the individual factors scale, #3, and mg vary. Here, we use (approximately) the
mean values for the parameters estimated from the data in Frohlich et al. (2018), and therefore,
set scalefomg = 350, 6; = 0.11, 83 = 0.03, offset = 8.9, and t; = 0. For the SDE model,
we simulate several trajectories with different values for scale, 05, and mg while keeping their
product constant. For each parameter setting, we set the same random seed at the beginning

of the simulation. Figure 5.2 displays the simulated trajectories.

It is evident that the SDE trajectories behave differently for different combinations of scale,
02, and mg. For example, when we keep myg fixed while increasing scale and decreasing 65,
the variation between but also within the trajectories increases. When we keep scale fixed
while decreasing mg and increasing 65, especially the variation between trajectories seems
to increase. And finally, when we keep 62 fixed while decreasing mg and increasing scale,

the variation between and within the trajectories increases. Our focus is on estimating the
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mg=200, 6,=0.1, scale = 17.5 mg=2000, 6,=0.1, scale= 1.75 my =200, 6,=10, scale = 0.175

—— ODE solution
SDE trajectories

T T T T T T T
0 5 10 15 20 25 30

my=200, 6,=1, scale = 1.75 my=2000, 6,=1, scale = 0.175 my=20, 6,=1, scale= 17.5

0 5 10 15 20 25 30 0 5 10 15 20 25 30 0 5 10 15 20 25 30
time [h] time [h] time [h]

Figure 5.2: The ODE trajectory and 20 SDE trajectories of the fluorescence intensity simulated
for different values of my, 02, and scale, while keeping their product constant at scale §omg =
350. The remaining parameters are set to #; = 0.11, 63 = 0.03, offset = 8.9, and ty = 0.

parameters from individual observed trajectories. In this context, especially the difference in

the variation within the trajectories is relevant.

Swapping the degradation rate constants 6; and 63

The trajectories of the fluorescence intensity for the ODE model are also identical if the values
for 01 and 03 are swapped while the remaining parameters are fixed. We simulate trajectories
for the parameter combinations (6, 63) = (0.11,0.03) and (67, 65) = (0.03,0.11), respectively,
while setting the remaining parameters to scale = 17.5, 03 = 0.1, mg = 200, offset = 8.9, and
to = 0. For the SDE model, we again simulate several trajectories for both parameter settings

and set the same random seed at the beginning of the simulation.

Figure 5.3 shows the ODE trajectory and several SDE trajectories in one panel for each of the
two parameter combinations separately. Whereas, Figure 5.4 presents one SDE trajectory for
each of the two parameter combinations together in one panel. Again, the SDE trajectories

do behave differently for the different parameter combinations. While there seems to be only
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little difference in the variation between the trajectories, the variation within the trajectories
is clearly higher for lower 8, and higher 3. This indicates that it may be possible to uniquely

determine the values of 61 and 63 even when estimating from only one observed trajectory.

6,=0.11, 63=0.03 6,=0.03, 83=0.11

2500 |
$ 2000 .
=
o
+ 1500 -
o
X
x 1000 — —
Q
; 500 — - —— ODE solution
SDE trajectories
o iy
T T T T T T T T T T T T
5 10 15 20 25 30 0 5 10 15 20 25 30
time [h] time [h]

Figure 5.3: The ODE trajectory and 20 SDE trajectories of the fluorescence intensity simulated
for two parameter combinations where the values of 6; and 3 are swapped. The remaining
parameters are set to scale = 17.5, 6 = 0.1, mg = 200, offset = 8.9, and to = 0.

time [h]

time [h]

2500 — —
]
9 2000 -
=
o
+ 1500 — —
o~
x
x 1000 —
o}
8
g 500 -
O — —
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=
o
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500 — —
o 6,=0.11, 6;=0.03
o — 6,=0.03, 6;=0.11
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time [h]

Figure 5.4: One trajectory of the fluorescence intensity for the SDE model simulated for each
of the two parameter combinations where the values of 61 and 63 are swapped. The remaining
parameters are set to scale = 17.5, 0o = 0.1, mg = 200, offset = 8.9, and to = 0.
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5.6 Definition of the parameter posteriors

Next, we would like to assess the practical parameter identifiability by trying to estimate the
parameters from observed data as described in Section 5.4. We take a Bayesian approach
to parameter estimation as motivated in Section 2.2 because it allows for uncertainty assess-
ment of the parameter estimates and also for handling unobserved process components and
measurement error by using Markov chain Monte Carlo (MCMC) methods to sample from the
parameter posterior distribution as explained in Section 3.4. Therefore, in this section, we

define the parameter posterior densities for the two model types.

5.6.1 ODE model

For the ODE model, there is a deterministic relationship between the process values X (¢) and
the parameters 8, mg and ¢y (or between the fluorescence signal and the parameters including

scale and offset, respectively).

Define the index k* := min{k € {1,..., K}|ty > to} of the first observation time point after
the mRNA molecules are released, then the posterior density w from which we would like to

sample is proportional to

T (9, mo, scale, offset, o2, t0|{yk}k:1,...,1{)

K
f2mg —01(t—to) —03(t—to) 2
o < H 1) <log(yk) log <scale‘9301 (e e ) + offset | , o

k=k*
k*—1
. ( H ¢ (log(yi) |log (offset) ,52)>

k=1

- p(61)p(62)p(05)p(mo)p(to)p(scale)p(offset )p(o?), (5.16)

where ¢(-|,n?) denotes the density of the normal distribution with mean p and variance 7?

and the p(-) denote the parameter prior densities.

If the priors p(f1) and p(f3) are symmetric to each other, then the posterior is also symmetric

with respect to the two degradation rate constants.

The scaling factor scale, the translation rate constant 6o, and the initial amount of mRNA my
appear only as a product in the likelihood function, therefore, as pointed out before, at most

their product scalefymy is identifiable.
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5.6.2 SDE model

For the SDE model, the states X (¢x), for k = 1,..., K, of the process conditioned on the
parameters 0, mg and ¢ty are random numbers (for ¢; > tp). Hence, we have to marginalize
over the process states to obtain the posterior density of the parameters which we want to

infer:

T (0, mo, scale, offset, o2, to\{yk}k:L_,_,K)

= /szx T (0, mo, scale, offset, o, o, {X(tk)}k:h_,,K|{yk}k:1,_._7K) dX(t1)...dX(tg).

Therefore, again defining k* := min{k € {1,..., K}|tx > to}, we would need to sample from
7T (97 mo, Scale7 OffSGt, 0—27 to, {X(tk)}k'ZI,...,K |{yk}k=1,...,K)

K
x (H ¢ (log(yx) |log (scale - Xa(t),) + offset) o2 ))

k=1

K-1
: (H rr(X(tkH)\X(tk),e)) (X (t)|0,m0, %) (H s(Ix 0>T||>>

k=k*

- p(8)p(mo)p(to)p(scale)p(offset)p(a?),

where ¢(-|1, n?) denotes the density of the normal distribution with mean p and variance 72,
d(+) denotes the Dirac delta function, || - || denotes a norm (e.g. the l>-norm), and the fac-
tors m (X (txy1)| X (tr),0), k = k*,..., K — 1, denote the transition density of the process.
However, the fact that the process X switches from a deterministic regime before tg to a
stochastic one after 3 complicates the estimation of #; together with the remaining parame-
ters. Therefore, we will assume that t; is determined beforehand, e. g. based on the estimates

for the ODE model. Consequently, we sample from
7 (8, mo, scale, offset, 02, { X (t5) iz, & [{Uk }het,.. 15 T0)

K
x (H ¢ (log(yx) [log (scale - X (t),) + offset) ,02)>

k=1

k-1
(H (X (tt1) [ X (t), 9)) (X (tk)]0,m0, to) (H o(][Xx 0)T||)>

k=k*

- p(@)p(mo)p(scale)p(offset)p(a?). (5.17)
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While for the ODE model, the posterior distribution is only 8-dimensional and can be sampled
from directly; for the SDE model, we need to sample from a (7+ 2K)-dimensional distribution
and then marginalize over the 2K dimensions of the process states to obtain the posterior
distribution of the parameters of interest. Moreover, there is no explicit exact expression for
the transition density m (X (tx+1)|X (tx), @); wherefore, it will be approximated by a normal
density based on the Euler-Maruyama scheme. For this approximation to be appropriate, we
have to ensure that the time steps between observations are small enough. The Milstein
scheme, which we investigated in Chapter 4, cannot be used here since two components
of the diffusion coefficient in Equation (5.3) depend on X;(t). Hence, Relation (4.3) does
not hold. Consequently, the Milstein scheme to approximate the solution of Equation (5.3)
contains stochastic double integrals for which no analytical solution is known; and therefore,

the transition density of the process based on the Milstein scheme is also intractable.

5.7 Estimation based on simulated data

We want to use the open source software Stan that implements the Hamiltonian Monte Carlo
(HMC)-based algorithm No-U-Turn Sampler (NUTS) as described in Section 2.2.2 to sample
from the parameter posteriors as defined in the previous section. In order to assess how well we
can recover the model parameters for both model types from individually observed trajectories,
we first work with simulated data that is generated with Gillespie's algorithm. For the SDE
model, we first need to check whether it is reasonable to assume that the time steps between

the observations are sufficiently small for the Euler-Maruyama scheme to be appropriate.

5.7.1 Investigating the need for data augmentation

In this section, we focus on the SDE model and investigate whether data augmentation is
necessary for the amount of data that we have available (K = 181 observations per cell with
time step At = 1/6 hours). We simulate one trajectory of the MJP described in Section 5.2.1
with parameters #; = 0.11, 82 = 0.3, 03 = 0.09, and mg = 200 using Gillespie's algorithm. We
assume for now that the amount Xs of GFP is directly observed without error and that for the
amount X7 of mMRNA, we only observe the initial value mg = 200. All observations are without
measurement error and we assume ty = 0 to be known. Thus, we only estimate the kinetic
parameters 6 for the SDE model, and to this end, use Stan and Bayesian data augmentation
with different numbers of inter-observation intervals. A number of inter-observation intervals
of 1 means that we do not impute any points between observations. A number of 2 inter-

observation intervals means that we impute one point between every two observations and
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so on. We generated 4 HMC chains with 1000 iterations after warm-up each. Figure 5.5
shows the median of the obtained posterior sample as the point estimates and the credible
intervals (Cls) for the three kinetic parameters and for different numbers of inter-observation
intervals. Evidently, the estimation results do not improve when increasing the number of
inter-observation intervals. Therefore, we conclude that data augmentation is not necessary

and do not make use of data augmentation in the remaining sections of this chapter.
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Figure 5.5: Point estimates (median of the posterior sample) and 95% Cls for the kinetic
parameters estimated with Stan and Bayesian data augmentation for different numbers of
inter-observations intervals. The black line represents the true parameter values with which
the data was generated.

5.7.2 Simulated data without measurement error

For now, we assume the fluorescence intensity to be observed without measurement error. The
data was simulated with Gillespie's algorithm with parameters 8 = (0.2,0.32,0.01), my = 240,
to = 0.96, scale = 1.8, and offset = 8.5. The simulated fluorescence intensity (without
measurement error) is depicted by the blue dotted line on the right hand side of Figure 5.6.
We use Stan to sample from the posterior distributions of the ODE model and the SDE model
given the simulated data. Since we assume the data to be observed without measurement error,
the parameter offset can be determined directly from the first observation. Therefore, we do not
include measurement error (and thus the parameter o) and the parameter offset in the posterior
distribution of the SDE model. Whereas for the ODE model, deviations of the observed data
from the deterministic ODE trajectory have to be attributed to measurement error; therefore,
the parameter o has to be included in the posterior distribution of the ODE model. We also
include the parameter offset for the ODE model in order to avoid degeneracy of the posterior.
We use the following prior distributions: 6; ~ N>((0,52) for i = 1,2,3, mg ~N>¢(300, 300%),
scale ~ U(0, 30), where N>, (u,n?) denotes the normal distribution truncated from below by
a, and additionally for the ODE model, offset ~/(0, 30), o ~1(0.001, 10), and to ~ (0, 30).
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Figure 5.6: One trajectory used in the simulation study that was simulated with Gillespie's
algorithm with parameters 8 = (0.2,0.32,0.01), mo = 240, to = 0.96, scale = 1.8, and
offset = 8.5, and for the green dotted line, multiplicative measurement error with ¢ = 0.02
was added to the fluorescence intensity (FI).

For both model types, we generate 8 HMC chains of 5000 iterations and discard the first half
of the iterations as warm-up. Thus, we use a posterior sample of size 20,000 for each model
type in the subsequent analysis. Tables 5.1 and 5.2 summarize the Stan output of the posterior
samples for the ODE and the SDE model, respectively, and also include the true parameter
values that were used to simulate the data for comparison. The tables also contain the 2.5%-,
50%-, and 97.5%-quantiles of the samples. We use the interval between the 2.5%- and the
97.5%-quantile as an estimate of the 95%-Cl. For the ODE model, we see that the parameters
offset and t( are well estimated since mean and median of the sample correspond to the true
value, the Cls are very narrow, the effective sample size (ESS) nes is high and Ris equal to 1.
As expected, the measurement error parameter o is estimated to be higher than the true value
of zero. Of greater interest are the remaining parameters as we can compare the results for

them between the two model types.

We first focus on the two degradation rate constants 61 and 3. Our analysis in Section 5.5
already showed that for the ODE model, these two parameters are only locally identifiable
and the posterior distribution is symmetric with respect to them in the case of identical priors
for both parameters. This is also apparent in the density plots in Figure 5.7. The density
estimates of the posterior sample for the ODE model are clearly bimodal. The reason that the
two modes are not exactly symmetric here is that HMC chains usually are only able to explore
one mode and in our example 5 out of the 8 chains happen to end up in the mode where 6
is higher than 83 while only 3 chains converge to the other mode. The fact that each chain
only samples from one of the modes is also the reason for the extremely low ESSs and the

very high values of R for 6, and 65 in Table 5.1. Moreover, note that neither of the modes
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Table 5.1: Summary of the Stan output for the ODE model given simulated data without
measurement error and the true parameter values that were used to simulate the data. c.v. de-
notes the coefficient of variation and the columns headed by percentages contain the quantiles
of the respective percentage value.

N

true value mean c.v. 2.5% 50%  97.5% Teff R

01 0.20 0.11 0.634 0.02 0.16 0.17 4 26.65
02 0.32 1.52 1.370 0.02 0.64 7.56 12168 1.00
03 0.01 0.07 0.943 0.02 0.02 0.16 4 33.00
mo 240.00 204.62 1.017 226 13579 72438 10984 1.00
scale 1.80 7.02 1.137 0.07 3.46 27.28 9806  1.00
offset 6.50 6.50 0.011 6.37 6.50 6.64 17113 1.00
to 0.96 0.96 0.002 0.96 0.96 0.97 18718 1.00
o 0.00 0.03 0.054 0.02 0.03 0.03 16091 1.00
Hamy 76.80 213.08 2.487 457 3599 1668.06 11087 1.00
fascale 0.58 6.46 2.875 0.17 0.92 55.00 7704 1.00
moscale 432.00 1033.30 2.181 16.48 19596 7975.22 7899 1.00

Hamgpscale 138.24  124.67 0.007 12296 124.66 126.38 13299 1.00

and not even the ranges of all values in the posterior sample cover the true parameter values
of 61 and #3. For the SDE model on the other hand, Figure 5.7 and Table 5.2 show that the
posterior density is clearly unimodal with respect to #; and 63, the 95% Cl are narrow and
cover the true parameter values, mean and median of the sample are close or equal to the true
values, and high ESSs and R values equal to 1 are achieved. Thus, we can conclude that the

parameters 01 and 63 are identifiable for the SDE model here.

Next, we consider the translation rate constant 65, the initial amount mg of mRNA molecules,
and the factor scale. For the ODE, at most the product #smgscale is identifiable. This is also
apparent from the results presented in Table 5.1 and Figure 5.8. For the individual parameters
and also for all products of two out of the three parameters, the 95% Cls are extremely broad
and the mean and median as point estimates are not at all close to the true values. The
reason why there are nevertheless quite high ESSs and R values equal to 1 achieved is that
the variation within each of the HMC chains is very high and thus does not differ substantially
from the variation between the chains for these parameters. For the product fymgscale of
all three parameters, the 95% Cl is very narrow for posterior sample of the ODE model and
also the ESS is high and R equal to 1. Without knowing the true parameter values, one
would assume that this product is well estimated. However, the 95% Cl and even the whole
range of the sample do not cover the true value. For the SDE model, the 95% CI for the
product #smgscale is broader, but it covers the true parameter value and also the mean and
the median as point estimates are closer to the true value than the mean and the median for
the ODE model. Moreover, the ESS is quite high and R is equal to 1 for the SDE model. We
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Table 5.2: Summary of the Stan output for the SDE model given simulated data without
measurement error and the true parameter values that were used to simulate the data.

A~

true value  mean C.v. 2.5% 50%  97.5%  nef R

01 0.20 0.19 0.108 0.15 0.19 0.23 3120 1.00
02 0.32 0.39 0.999 0.09 0.26 1.48 206 1.04
03 0.01 0.01 0.167 0.01 0.01 0.02 2514 1.00
mo 240.00 34437 0589 57.21 31325 800.67 184 1.05
scale 1.80 1.66 0.172 1.19 1.62 230 3062 1.00
Oamyg 76.80 82.60 0.178 55.68 81.69 11353 5296 1.00
fascale 0.58 0.61 0.923 0.17 0.43 221 178 1.05
mopscale 432.00 576.69 0.634 86.08 511.66 1440.41 232 1.04

famgpscale 138.24 133.18 0.083 112.47 132.74 156.40 5829 1.00

therefore conclude that the product amgscale is identifiable. The generally lower ESSs are due
to the fact that for the SDE model, we sample from a distribution of much larger dimension
as explained in Section 5.6.2. Additionally, for the SDE model, the parameters scale and fymy
have narrow 95% Cls (especially compared to those for the ODE model) that include the true
parameter values, high ESSs, and R values of 1 and can therefore be considered identifiable.
The remaining parameters 65, mg, fascale, and mgscale have rather broad 95% Cls and only
achieve low ESSs and R values higher than 1.02. Hence, they seem to be non-identifiable.
Notice, however, that at least for the parameters 65 and fsscale, the 95% Cls are substantially

more narrow for the SDE model compared to the ODE model.

We have simulated another 99 trajectories with the same parameters and performed Stan
sampling in the same way as described in the beginning of this subsection. For each model
type and each posterior sample of the different simulated trajectories, we calculate the length
of the 95% Cl and determine the median and the coefficient of variation (c.v.) over these
lengths for each model type. Also, we rescale the lengths of the 95% Cl by dividing by
the true parameter value and again determine the median of the normalized quantities. The
rescaling is done to transfer the values to a more similar scale. Note, however, that the values
are nevertheless not directly comparable between different parameters. Moreover, we check
whether the true parameter value that was used to simulate the data is included in the 95% ClI.
Table 5.3 shows the aggregated results for the posterior samples of all 100 trajectories and
also includes the length of the interval between the 2.5%- and the 97.5%-quantile of the prior
distributions. Except for the parameters mg and famgscale, the median length of the 95% Cls
for the SDE model is always smaller than for the ODE model. For parameter fmgscale, the
Cl lengths are a lot smaller for the ODE model; however, the Cls cover the true parameter
value only 13 out of 100 times while for the SDE model, the true value is covered 93 times.

For the other parameters that we classified as identifiable for the SDE model in the analysis
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Figure 5.7: Density estimates of the posterior samples for parameters #; and 63 for the
SDE (blue, lower triangle) and ODE ( , upper triangle) model given simulated data with-
out measurement error. Diagonal panels: Marginal densities for the respective parameter and
boxplots showing the 95% Cl as box, the range of the sample as whiskers, and the median as
thick black line. Off-diagonal panels: Smoothed scatter plots of the two-dimensional projec-
tions of the samples where darker hues signify higher density values. The dotted lines represent
the true parameter values that were used to simulate the data.

of the individual trajectory (i.e. 01, 03, scale, and famy), the median length of the 95% Cls
is clearly smaller for the SDE model than for the ODE model and the true parameter value is
covered at least 91 out of 100 times for the SDE model. For parameter my, the Cl lengths are
high for both model types because the parameter is not identifiable for either model type. For
the other parameters that we classified as not identifiable for both model types in the analysis
of the individual trajectory (i.e. 03, fascale, and mgscale), the median length of 95% Cls is
clearly smaller for the SDE model than for the ODE model, at least by a factor of 4.

The last two columns of Table 5.3 are visualized in Figure 5.9 where we plot the median of
the rescaled Cl lengths against the number of Cls that cover the true parameter value. The
desirable region of value combinations is in the bottom right corner of the graph where the
number of Cls covering the true value is high and the median rescaled Cl length is small. Note
that, clearly, more importance should be given to high numbers of Cls covering the true value
as it is useless to be very certain about a parameter estimate (indicated by a short CI) while the

correct value is not included in the Cl. However, even for parameters that are identifiable, we
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Figure 5.8: Density estimates of the posterior samples for parameters 65, myg, scale, and
their products for the SDE (blue, lower triangle) and ODE (green, upper triangle) model given
simulated data without measurement error. For a detailed description of the figure's elements,
see Figure 5.7.

do not expect to obtain a coverage of the true value of 100% since we are considering 95% Cls.
Therefore, values of 100 rather tend to hint at non-identifiability. In Figure 5.9, we can see that
for the majority of the parameters, the triangles representing the value combinations for the
SDE model are closer to the desirable region. Only for parameter my (which is not identifiable
for either model type), the value combinations are almost the same for both model types. And
as we already pointed out for the product #ymgscale, the median length of the 95% Cls is
smaller for the ODE model; however, a lot fewer Cls cover the true parameter value for the
ODE model than for the SDE model. Thus, the result obtained for the SDE model is to be
preferred.
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Figure 5.9: Statistics of posterior samples for the two model types aggregated over 100
simulated trajectories without measurement error. The desirable region of value combinations
is in the bottom right corner of the graph.

We provide further Stan-specific diagnostics in Appendix A.3.2. Those mostly show poorer
values for the sampling output for the SDE model than for the ODE model. This is not
surprising as we sample from a much higher-dimensional distribution for the SDE model. We
do not consider the poor diagnostics as a disadvantage of the procedure as they provide
information that we do not even have for other MCMC algorithms and thus cannot compare

to them.
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Table 5.3: Statistics of posterior samples for the two model types aggregated over 100
simulated trajectories without measurement error. We also include the length of the interval
between the 2.5%- and the 97.5%-quantile of the prior distribution.

length of  median c.v. of median of number

prior 95% length of lengths of length of Cls of Cls

center 95% Cls  95% Cls  rescaled by  covering

interval true value true value

9, ODE 11.05 0.20 0.009 1.01 58
SDE 11.05 0.09 0.002 0.45 93

0, ODE 11.05 7.56 0.002 23.63 100
SDE 11.05 1.88 0.712 5.87 100

0, ODE 11.05 0.20 0.010 20.00 61
SDE 11.05 0.01 0.000 0.80 91

Mo ODE 884.82 730.41 0.057 3.04 100
SDE 884.82 735.98 9.868 3.07 100

scale ODE 28.50 27.27 0.001 15.15 100
SDE 28.50 1.20 0.158 0.67 95

By ODE 6056.48 1701.92 2.524 22.16 100
SDE 6056.48 63.60 2.768 0.83 96

Byscale ODE 228.08 55.47 0.164 96.29 100
SDE 228.08 2.89 0.762 5.01 100

mgscale ODE  19271.13  7923.38 8.603 18.34 100
SDE  19271.13  1315.63 86.806 3.05 99

Bymoscale ODE 113232.70 3.90 41.595 0.03 13
SDE 113232.70 45.28 0.624 0.33 93
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5.7.3 Simulated data with measurement error

In this section, we use the same simulated data as in the previous section, but for each of the
100 trajectories, we add multiplicative measurement error with parameter ¢ = 0.02. Again,
we use Stan to sample from the posterior distributions of the ODE model (5.16) and the
SDE model (5.17) for each of the simulated trajectories and use the same priors as stated in
the previous section. We generate 8 HMC chains of 5000 iterations, discard the first half of
the iterations as warm-up, and thus use a posterior samples of size 20,000 in the subsequent

analysis.

At first, we again focus on the results for one of the trajectories, namely the trajectory repre-
sented by the green dotted line in Figure 5.6. Tables 5.4 and 5.5 summarize the Stan output
of the posterior samples for the ODE and the SDE model, respectively. The parameter t
is estimated very accurately based on the posterior sample for the ODE model. Also, the
parameter offset is well estimated for both model types but with a more narrow 95% ClI for
the SDE model. The parameter o is accurately determined for the SDE model as well. For the
ODE model, ¢ is again overestimated. Figure 5.10 visualizes the components of the posterior
samples for parameters 61, 03, offset, and o. Again, the bimodality of the posterior with
respect to #1 and 63 is apparent for the ODE model and neither the 95% Cls nor the ranges
of the sample cover the true parameter values. For the SDE model on the other hand, the
distribution is unimodal and the 95% Cls do cover the true parameter values for 6 and 0s.
However, their 2-dimensional smoothed scatter plot in Figure 5.10 is not a simple elliptic shape
(as for the simulated data without measurement error) but almost a banana-like shape. This
may also be the reason for the deteriorated sampling efficiency discernible from the low ESS
and higher R-values in Table 5.5.

Figure 5.10 visualizes the components of the posterior samples for parameters 05, mg, scale,
and their products. For the ODE model, again only the product famgscale is identifiable in
the sense that the corresponding 95% Cl is very narrow, the ESS is high, and the R-value
is equal to 1. However, the 95% CI again does not cover the true parameter value. For the
SDE model, the 95% Cl for #;mgscale is broader but it does contain the true value. Also,
the ESS is high and the R-value is close to 1. Moreover, the parameters scale and fomg have
narrow 95% Cls, high ESSs, and R-values close to 1 for the SDE model, and thus, we conclude
that they are identifiable. Note that also for 65, mgscale, and fsscale, the 95% Cls are much
narrower for the SDE model than for the ODE model.

In Appendix A.3.3, we include further figures of the sampling output for the trajectory dis-
played in Figure 5.6. They present the same posterior samples as used in this and the previous

subsection. But instead of comparing the posterior samples between the two model types, the
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Table 5.4: Summary of the Stan output for the ODE model given simulated data with
measurement error and the true parameter values that were used to simulate the data.

~

true value  mean cv. 25% 50%  97.5% Neff R

01 0.20 0.11 0.632 0.02 0.15 0.17 4 20.94
) 0.32 154 1.364 0.02 0.65 7.63 11619 1.00
03 0.01 0.07 0.938 0.02 0.02 0.16 4 26.81
mo 240.00 205.41 1.024 225 13396 738.49 10649 1.00
scale 1.80 6.84 1.152 0.07 3.29 27.06 8778 1.00
offset 6.50 6.50 0.013 6.34 6.50 6.67 14496 1.00
to 0.96 0.96 0.003 0.96 0.96 0.97 17129 1.00
o 0.02 0.03 0.053 0.03 0.03 0.04 13581 1.00
Oamy 76.80 217.59 2.441 456 3740 1683.06 9479 1.00
fascale 0.58 6.31 2.841 0.17 0.92 5494 7209 1.00
mgscale 432.00 983.07 2.151 16.20 189.75 7514.28 8054 1.00

famypscale 138.24 123.47 0.009 121.43 12346 12558 12035 1.00

posterior samples are compared between the simulated data without and with measurement
error for each model type separately. In summary, we find that for the SDE model, the 95% Cls
increase for almost all parameters except mg for data with measurement error. Whereas for
the ODE model, there is hardly any difference for most of the parameters between the posterior
samples for the data without and with measurement error since the majority of the parame-
ters is not identifiable anyway. The marginal posterior samples for the parameters offset, tg,
and fsmyscale are only slightly affected by the measurement error. Only the marginal poste-
rior sample of the measurement error parameter o is substantially affected and, as expected,

consists of higher values for data with measurement error.

Table 5.6 and Figure 5.12 display the statistics of the posterior samples aggregated over the
100 simulated trajectories. Similar to the results for the simulated data without measurement
error, the median length of the 95% Cls for the SDE model is always smaller than for the ODE
model, except for the parameters mg and fymypscale and additionally o (which was not included
for the SDE model in the previous subsection). Again, for the majority of the parameters, the
results for the SDE model represented by triangles in Figure 5.12 are closer to the desirable
region of value combinations in the bottom right corner of the graph, except for the parameters
mg, Bamgscale, and offset. For the parameter offset, the median Cl length is slightly higher
for the ODE model than for the SDE model, however, the Cls for the ODE model also contain
the true parameter value more often. So for this parameter, the ODE model, for once, shows

the preferable result.
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Table 5.5: Summary of the Stan output for the SDE model given simulated data with mea-
surement error and the true parameter values that were used to simulate the data.

~

true value  mean c.v. 2.5% 50%  97.5% Teff R

01 0.20 0.16 0.201 0.08 0.17 0.22 304 1.03
02 0.32 0.73 1.448 0.07 0.37 3.93 296 1.02
03 0.01 0.02 0.660 0.01 0.02 0.05 176  1.04
myp 240.00 274.72 0.742 28.30 224.46 777.96 225 1.04
scale 1.80 1.67 0.430 0.65 1.54 3.36 415 1.02
offset 6.50 6.50 0.007 6.41 6.50 6.60 15599 1.00
o 0.02 0.02 0.069 0.02 0.02 0.02 2106 1.00
Oamy 76.80 89.78 0473 3558 80.76 191.24 349 1.02
Oascale 0.58 0.93 1.145 0.16 0.56 4.15 247 1.03
moscale 432.00 477.62 0944 2955 338.17 1697.86 216 1.04

famgpscale 138.24 12439 0.093 102.85 123.92 148.63 2119 1.01
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Figure 5.10: Density estimates of the posterior samples for parameters 61, 03, offset, and o
for the SDE (blue, lower triangle) and ODE (green, upper triangle) model given simulated data
with measurement error. For a detailed description of the figure's elements, see Figure 5.7.
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Posterior sample for ODE model
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Figure 5.11: Density estimates of the posterior samples for parameters 65, mg, scale, and
their products for the SDE (blue, lower triangle) and ODE (green, upper triangle) model given
simulated data with measurement error. For a detailed description of the figure's elements,
see Figure 5.7.
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Table 5.6: Statistics of posterior samples for the two model types aggregated over 100
simulated trajectories with measurement error. We also include the length of the interval
between the 2.5%- and the 97.5%-quantile of the prior distribution.

length of  median c.v. of median of number
prior 95% length of lengths of length of Cls of Cls
center 95% Cls  95% Cls  rescaled by  covering
interval true value true value
0 ODE 11.05 0.20 0.008 1.01 60
1
SDE 11.05 0.11 0.016 0.55 90
0 ODE 11.05 7.55 0.002 23.59 100
2
SDE 11.05 3.69 0.996 11.52 99
0 ODE 11.05 0.20 0.008 20.35 63
’ SDE 11.05 0.02 0.094 1.65 89
m ODE 884.82 733.85 3.584 3.06 100
0
SDE 884.82 746.74 5.909 3.11 100
scale ODE 28.50 27.25 0.002 15.14 100
SDE 28.50 2.54 0.255 1.41 91
0o, ODE 6056.48 1702.37 2.714 22.17 100
210
SDE 6056.48 223.22 428.350 291 92
ODE 228.08 55.70 0.125 96.70 100
fsscale
SDE 228.08 3.55 0.639 6.16 100
ODE  19271.13  7896.07 667.494 18.28 100
mgscale
SDE 19271.13  1479.13 253.530 3.42 98
ODE 113232.70 4.96 38.038 0.04 15
famoscale
SDE 113232.70 45.56 1.492 0.33 92
ODE 28.50 0.33 0.987 0.05 96
offset
SDE 28.50 0.21 0.016 0.03 84
- ODE 9.50 0.01 0.325 0.35 0
SDE 9.50 0.01 0.000 0.25 87
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Figure 5.12: Statistics of posterior samples for the two model types aggregated over 100
simulated trajectories with measurement error. The desirable region of value combinations is
in the bottom right corner of the graph.
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5.8 Estimation based on experimental data

In this section, we use the experimental data published in Frohlich et al. (2018) and described
in Section 5.1. For each type of GFP (eGFP and d2eGFP), we randomly select 100 observed
trajectories for our analysis and again use Stan to sample from the posterior distributions
of the ODE model (5.16) and the SDE model (5.17) for each of the trajectories using the
same priors as stated in Section 5.7.2. We generate 8 HMC chains of 5000 iterations, discard
the first half of the iterations as warm-up, and thus use a posterior samples of size 20,000
in the subsequent analysis. For each type of GFP, we first analyze the sampling output for
one observed trajectory in detail and then summarize results for all 100 observed trajectories.

Moreover, we provide further Stan-specific diagnostics in Appendix A.3.2.

5.8.1 Experimental dataset 1 (for eGFP)

Tables 5.7 and 5.8 present a summary of the Stan output for the posterior sample of one
observed trajectory for the ODE and the SDE model, respectively, and Figures 5.13 and 5.14
compare the density estimates of these two posterior samples. The results look qualitatively
very similar (almost identical) to those obtained for the simulated data with measurement
error in Section 5.7.3. Therefore, we do not repeat the detailed description but only point out
that the range of values sampled for the parameters 8 and 63 for the SDE model is slightly
smaller for the experimental trajectory here. Thus, we do not see the banana-like shape in the
two-dimensional smoothed scatter plot of the two parameters for the SDE model in Figure 5.13
as for the simulated trajectory in Figure 5.10 and the sampling efficiency increases as indicated

by higher ESSs and lower R values for the two parameters in Table 5.8.

The statistics of posterior samples aggregated for 100 experimental trajectories for eGFP in
Table 5.9 are also qualitatively similar to those for the simulated trajectories in Table 5.6. For
the majority of the parameters, the median length of the 95% Cl is smaller for the posterior
samples for the SDE model than for those for the ODE model. Only for parameters 601, 65,
and fymgscale, this is not the case. Note in particular that for the parameters 69my and
scale, which are non-identifiable for the ODE (also apparent from the very long Cls here), the
median length of the 95% CI for the SDE model is again much narrower compared to that of
the ODE and to that of the prior. This indicates that these two parameters are identifiable
for the SDE model also for the experimental data. That the uncertainty of the parameter
estimate for Oamgscale is greater for the SDE than for the ODE model is consistent with our
results for the simulated data. The parameter 65 is considered to be non-identifiable for both
model types and the difference between the median Cl lengths is relatively small. Finally, for

parameter 6, we see that the result is more or less the same as for 63 for the ODE model due
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5.8. Estimation based on experimental data

Table 5.7: Summary of the Stan output for the ODE model given experimental data for eGFP.

mean cv. 2.5% 50% 97.5% Neff R

01 0.11 0.617 0.02 0.16 0.18 4 13.60
62 1.44 1.407 0.01 0.56 7.39 12661 1.00
03 0.08 0.903 0.02 0.03 0.18 4 16.98
mg 198.99 1.046 175 127.89 731.84 12008 1.00
scale 6.64 1.186 0.05 3.01 27.00 10321 1.00
offset 7.18 0.017 6.94 7.18 7.42 17800 1.00
to 1.46 0.004 1.44 1.46 1.47 15996 1.00
o 0.05 0.054 0.04 0.05 0.05 16833 1.00
Oamyg 200.04 2.654 3.17 2849 1627.75 11121 1.00
fascale 553 3.043 0.12 0.67 48.94 8535 1.00

moscale 94249 2307 11.63 153.30 7610.72 9270 1.00
faympscale  85.74 0.014 83.35 85.73 88.19 12577 1.00

Table 5.8: Summary of the Stan output for the SDE model given experimental data for eGFP.

mean  cv. 25%  50%  97.5% nest R

01 0.20 0.152 0.14 0.20 0.26 946 1.01
0 0.33 1.366 0.04 0.19 1.52 305 1.02
03 0.02 0.269 0.01 0.02 0.03 894 1.01
mo 298.35 0.705 34.46 250.62 809.42 218 1.03
scale 2.12 0309 1.14 2.02 3.69 772 1.01
offset 7.18 0.012 7.01 7.18 7.35 20589 1.00
o 0.03 0.058 0.03 0.03 0.04 17224 1.00
oy 4792 0.327 23.41 46.00 83.31 857 1.01
Osscale 060 1.182 0.11 0.37 2.54 256 1.02

mopscale 650.64 0.831 57.98 498.32 2049.93 283 1.02
faymgscale  92.71 0.115 7332 9215 11516 2711 1.00

to the symmetry of the posterior distribution with respect to these two parameters. Whereas
for the SDE model there is no symmetry and there is more variance in the posterior samples
with respect to #; than to 3 (indicated by a greater median Cl length). The smaller median Cl
length of 6; for the ODE model compared to the SDE model is due to the fact that for many
of the observed trajectories the values of 61 and 63 seem to be very close together. In this case,
the posterior distribution of the ODE model appears to be unimodal and the posterior variance
with respect to the two parameters is small (and equal due to the symmetry). Thus, overall

this variance is smaller than the posterior variance with respect to 6, for the SDE model.

125



Chapter 5. Application: Modeling translation kinetics after mRNA transfection

Posterior sample for ODE model
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Figure 5.13: Density estimates of the posterior samples for parameters 601, 03, offset, and o
for the SDE (blue, lower triangle) and ODE (green, upper triangle) model given experimental
data for eGFP. Diagonal panels: Marginal densities for the respective parameter and boxplots
showing the 95% CI as box, the range of the sample as whiskers, and the median as thick
black line. Off-diagonal panels: Smoothed scatter plots of the two-dimensional projections of
the samples where darker hues signify higher density values.
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Posterior sample for ODE model
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Figure 5.14: Density estimates of the posterior samples for parameters 05, mg, scale, and
their products for the SDE (blue, lower triangle) and ODE (green, upper triangle) model given
experimental data for eGFP. For a detailed description of the figure's elements, see Figure 5.13.
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Table 5.9: Statistics of posterior samples aggregated for 100 experimental trajectories for
eGFP.

length of median c.v. of
prior 95% length of lengths of
center 95% Cls  95% Cls

interval
p ODE 11.05 0.11 0.058
1
SDE 11.05 0.14 0.012
p ODE 11.05 7.91 0.016
? SDE 11.05 9.91 0.998
0 ODE 11.05 0.11 0.057
3
SDE 11.05 0.06 0.039
" ODE 884.82 747.71 0.212
0
SDE 884.82 456.80 172.338
ODE 28.50 27.50 0.004
scale
SDE 28.50 461 5.288
ODE 6056.48  2032.46 23.287
Bomyo
SDE 6056.48 230.89 219.006
ODE 228.08 68.38 1.879
foscale
SDE 228.08 22.01 33.157
ODE 19271.13 9093.22 69.292
mgscale
SDE 19271.13 1392.46 4601.374
ODE 113232.70 24.10 57.316
By mgpscale
SDE 113232.70 138.03 78.659
ODE 28.50 0.96 2.661
offset
SDE 28.50 0.38 1.086
o ODE 9.50 0.01 0.244
SDE 9.50 0.01 0.004
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5.8. Estimation based on experimental data

5.8.2 Experimental dataset 2 (for d2eGFP)

Tables 5.10 and 5.11 present a summary of the Stan output for the posterior sample of one
observed trajectory for d2eGFP for the ODE and the SDE model, respectively, and Figures 5.15
and 5.16 compare the density estimates of these two posterior samples. Here, while of course
still being symmetric, the posterior sample for the ODE model seems to be unimodal with
respect to the parameters #; and 3. This is due to the fact that the values of the two
parameters are likely to be quite close to each other for this trajectory as can also be seen
from the overlapping 95% Cls and the similar mean and median estimates for the SDE model.
For the parameter offset, the mean and median estimates from the posterior samples are very
similar for the ODE and SDE model, but the 95% Cl is a lot wider for the ODE model. For
the measurement error parameter o, the 95% Cl for the SDE model is a lot narrower than
that for the ODE model and the locations of the samples are quite far apart with a difference

in the median estimates of 0.16.

Table 5.10: Summary of the Stan output for the ODE model given experimental data for
d2eGFP.

N

mean C.v. 2.5% 50% 97.5% Teff R

01 0.09 0.079 0.08 0.09 0.11 11585 1.00
02 2.03 1.114 0.08 1.17 8.33 12371 1.00
03 0.09 0.078 0.08 0.09 0.11 11200 1.00
mo 244.67 0.868 9.82 187.79 761.08 12127 1.00
scale 9.21 0.901 0.35 6.44 28.11 9845 1.00
offset 8.72 0.073 7.52 8.69 10.04 17557 1.00
to 0.94 0.011 0.92 0.94 0.96 15806 1.00
o 0.17 0.053 0.15 0.17 0.18 16365 1.00
Hamy 367.06 1.893 27.97 121.84 2279.87 11547 1.00
Oascale 12.37 1.907 1.03 4.19 80.33 7681 1.00

moscale 1756.24 1569 94.74 672.69 10085.29 8815 1.00
famgpscale  786.93 0.026 746.72 786.79 828.01 22688 1.00

For the parameters 65, my, scale, and their products, the results look somewhat different from
those for the eGFP trajectory and those for the simulated data. For the product fymgscale,
the 95% CI for the SDE model is again a lot wider than for the ODE model, but here, the Cls
do not overlap. For the parameters scale and #ymg, the 95% Cl for the SDE model are again
a lot narrower than for the ODE model, and we consider them as practically identifiable for
the SDE model but not the ODE model. But here, also for the parameters mg, 6omg, and
mgpscale, the 95% Cl for the SDE model are much narrower than for the ODE model, and
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Table 5.11: Summary of the Stan output for the SDE model given experimental data for
d2eGFP.

A~

mean Cc.v. 2.5% 50% 97.5% Neff R

01 0.11 0.244 0.06 0.10 0.17 1494 1.01
0 10.36 0.292 514 10.18 16.77 1226 1.01
03 0.09 0.095 0.08 0.09 0.11 674 1.02
mg 13.45 0.317 7.06 1273 23.72 954 1.01
scale 493 0.212 3.21 4.83 7.27 785 1.01
offset 8.65 0.005 8.57 8.65 8.74 22392 1.00
o 0.01 0.067 0.01 0.01 0.01 13124 1.00
fomy 130.52 0.229 80.35 127.18 196.70 897 1.01
foscale 49.67 0.282 27.16 48.09 82.52 838 1.01

mopscale 65.47 0.363 34.66 60.26 125.01 1343 1.01
faymgscale 615.77 0.092 509.06 614.02 733.51 17424 1.00

the parameters seem to be practically identifiable. For parameter 65 the 95% Cl for the SDE
model is slightly wider than for the ODE model, however, the distribution looks different.

The statistics of posterior samples aggregated for 100 experimental trajectories for d2eGFP in
Table 5.12 are qualitatively very similar to those for eGFP in Table 5.9. Therefore, we do not
repeat the detailed description. We only point out that again unlike for the ODE model, the
parameters scale and famy are identifiable for the SDE model which is indicated by the much
narrower median length of the 95% Cls. We also want to mention that here, the median Cl
lengths for both degradation rate constants 61 and 03 are smaller for the ODE model than
those for the SDE model. This is again due to the fact that for the majority of the observed
trajectories the parameter values seem to be very close to each other; and therefore, the two
modes of the ODE posterior distribution with respect to these parameters simply overlap.
This leads to very narrow Cls which is consistent with our results for the simulated data if
we consider the width of the individual modes there. However, we would like to remind the
reader that the simulated data also showed that often neither of the modes (and sometimes
not even the range of sampled values) covered the true parameter. So assuming that an MJP
is the most appropriate description for the generating process of the experimental data, the

low uncertainty suggested by narrow Cls for the ODE model might be misleading.
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Posterior sample for ODE model
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Figure 5.15: Density estimates of the posterior samples for parameters 61, 03, offset, and o
for the SDE (blue, lower triangle) and ODE (green, upper triangle) model given experimental
data for d2eGFP. For a detailed description of the figure's elements, see Figure 5.13.
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Posterior sample for ODE model
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Figure 5.16: Density estimates of the posterior samples for parameters 65, mg, scale, and
their products for the SDE (blue, lower triangle) and ODE (green, upper triangle) model
given experimental data for d2eGFP. For a detailed description of the figure's elements, see
Figure 5.13.

132



5.8. Estimation based on experimental data

Table 5.12: Statistics of posterior samples aggregated for 100 experimental trajectories for
d2eGFP.

length of median c.v. of
prior 95% length of lengths of
center 95% Cls  95% Cls

interval
0 ODE 11.05 0.03 0.061
! SDE 11.05 0.12 0.012
0 ODE 11.05 7.88 0.006
? SDE 11.05 11.61 0.269
0 ODE 11.05 0.03 0.062
’ SDE 11.05 0.07 0.025
m ODE 884.82 749.92 0.181
0 SDE 884.82 76.56 224.650
ODE 28.50 27.55 0.001
scale
SDE 28.50 5.51 5.550
ODE 6056.48  2048.33 15.537
famg
SDE 6056.48 172.02 173.641
ODE 228.08 67.95 0.843
Oascale
SDE 228.08 34.96 44 862
ODE 19271.13 9085.56 56.326
mgscale
SDE 19271.13 482.87 3408.541
ODE 113232.70 40.80 30.553
fymgscale
SDE 113232.70 145.18 83.283
ODE 28.50 2.02 1.751
offset
SDE 28.50 0.79 1.029
- ODE 9.50 0.03 0.006
SDE 9.50 0.01 0.005
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5.9 Summary and discussion

In this chapter, we have modeled the translation kinetics after mRNA transfection using a two-
dimensional 1t diffusion process described by an SDE and compared this modeling approach
to one using ODEs. For the SDE model, we have proved the existence and uniqueness of
the solution for the SDE and the convergence of the Euler scheme to this solution. The
proof of these essential results should be a prerequisite to the application of SDE modeling
for obvious reasons. Although SDE approximations by now have received some considerable
attention in systems biology (usually termed chemical Langevin equation (CLE) in this field)
and this type of SDEs generally does not fulfill the assumptions for standard existence and
convergence results, this aspect is usually neglected. In our case, the proofs rely on the fact
that the first component of the process only depends on itself (and the parameters) but not
on the second process component. Nevertheless, the proofs are not straightforward, and in
particular, proofs of convergence of the Euler scheme for SDEs with non-Lipschitz continuous
diffusion coefficient functions are still an active field of research as can be seen from recently
published work, e.g. Yang et al. (2019) where each component of the diffusion coefficient is
only allowed to depend on the respective process component (whereas in our case the diffusion
coefficient of the second component depends on both process components). Our proofs can
be analogously extended for an SDE model of the translation kinetics after mRNA transfection
when including a maturation step for the protein molecules before they start to glow as has
been considered in the context of ODEs in Reiser et al. (2019). More generally speaking, the

idea of the proofs can be sequentially applied to any diffusion approximation

e whose process components can be ordered in a way such that each process compo-

nent X;(t) depends at most on the process components X(t) with j < ¢; and

e that only includes first order reactions, i.e. the terms inside the square root functions of

the diffusion coefficient are linear.

An extension to SDE models such as considered in case study 3 in Finkenstadt et al. (2008)
where a deterministic, continuous function for the transcription process is included for the first

process component is also feasible.

Moreover, we have studied the parameter identifiability for both modeling approaches (SDE
vs. ODE) for the case that we observe a fluorescence signal which we assume to be a linear
transformation of the amount of protein molecules (corrupted by multiplicative measurement
error). For the ODE model, previous studies had already shown that the degradation rate
constants 67 and 63 for the mRNA and the protein are only locally identifiable, and only the

product fomgscale of the translation rate constant, the initial amount of mRNA molecules
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transfected, and the scaling factor of the fluorescence signal is identifiable but the three pa-
rameters individually are not identifiable. In order to try to assess structural identifiability of
the SDE model, we transformed the model, used the DAISY software, and also simulated from
the model. Each of the approaches indicated that the SDE model might lead to better param-
eter identifiability. The most systematic approach is the one based on the surrogate model and
DAISY as suggested by Browning et al. (2020); however, it only provides a necessary condition
(even) for structural identifiability of the SDE model parameters. While checking this neces-
sary condition is certainly useful especially e. g. when designing an experiment, it cannot help
us confirm a difference in the parameter identifiability between the SDE and the ODE model.
Especially because we are interested in the parameter identifiability based on one observed
trajectory and the DAISY-based approach assumes that we were able to observe the first and
the second moment of the fluorescence signal. Even when we take into account that we have
several observed trajectories available from the experiment, these do not provide information
about the moments because the initial time point ¢y of mMRNA release is different for every tra-
jectory and also for the other parameters, in particular for mg, assuming that they are equal for
all observed cells does not seem reasonable. By simulating from the SDE model, we were able
to assess the differences in the variation within individual trajectories for different parameter
combinations. We saw that the variation within trajectories was clearly higher for lower 6; and
higher 03 which suggest that they are structurally globally identifiable. The variation within
trajectories was also higher for higher values of scale and lower values of the product omy.
Whereas there did not seem to be much difference in the variation within trajectories when the
values of scale and 03m were kept constant and only the individual values of 05 and my varied.
Therefore, scale and #amg seem to be structurally identifiable, but 65 and mg do not. While
this simple simulation approach worked out well for the model considered here, one of its weak
points is, of course, the somewhat subjective visual assessment of the variation within trajecto-
ries. A more quantitative approach to this would be to simulate a large number of trajectories
(with very small time step) for every considered parameter combination, to approximate the
quadratic variation for each trajectory, and then, to compare these values between individual
trajectories started with the same seed for different parameter combinations and to compare
also the distributions of these values for different parameter combinations. Another drawback
of both simulation-based approaches is the fact that the analysis is based on a finite set of
parameter combinations that can be considered; and thus, drawing general conclusions for the

entire parameter space may be problematic.

Finally, we have assessed the practical parameter identifiability for both model types by sam-
pling from the parameter posterior distribution given simulated data without and with mea-
surement error and the experimental data published in Frohlich et al. (2018). We found that
the parameters 61 and 03 are indeed globally identifiable for the SDE model given individual
trajectories, unlike for the ODE model. And not only the product fymgscale but also the
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parameter scale and the product f3mg are globally identifiable for the SDE model. Moreover,
for the simulated data, the 95% Cls for the identifiable parameters for the SDE model covered
the true parameter value adequately many times. Whereas for the ODE model, the true pa-
rameter values for the parameters 61, 03, and fymgscale were not covered by the 95% Cls for
many of the posterior samples and were sometimes not even included in the range of values in
the sample. The fact that the parameters 61 and 03 can be adequately determined using the
SDE modeling approach given an individual trajectory renders the multi-experiment approach
with different mRNA constructs and the computationally intense hierarchical optimization al-
gorithm used in Frohlich et al. (2018) unnecessary in the case that the determination of these
parameters is the main objective. Besides, assuming that an MJP is the most appropriate
description of the underlying dynamics, we saw that the estimated parameter values for a
single cell trajectory based on the ODE model cannot be trusted even when narrow 95% Cls
suggest low uncertainty. While the SDE model is clearly superior in terms of the information
that we are able to extract from a single trajectory about the parameters that determine the
dynamics of the underlying process, it has nevertheless several disadvantages. First of all, we
were not able to include the estimation of the initial time point ¢ty of mRNA release into the
Stan sampling procedure. We believe that this is not easily possible due to the fact that for the
SDE model, the process switches from a deterministic evolution to a stochastic one at ¢y and
including ty as a parameter in the posterior distribution leads to non-smoothness of the poste-
rior distribution which cannot be handled by HMC sampling as it makes use of the derivative
of the log-posterior. Other sampling approaches such as particle MCMC might alleviate this
problem, but to our knowledge, no examples of inferring a random time point for SDE models
have been investigated so far and would thus require further work. Another drawback of the
SDE model are the higher computational costs as we need to sample from a higher-dimensional
distribution (due to the random process values) than for the ODE model. For the SDE model,
the sampling in our study takes on average almost 5.5 hours while for the ODE model, it
averages at about 20 minutes. In general, estimation procedures for SDE models are more
complex and unlike for ODE models, publicly available software tools are rare and usually not
generally applicable. There is definitely a need to further develop such tools for SDE models
in order to harness their full potential, especially with regard to better identifiability of kinetic
parameters. On the other hand, combining both modeling approaches as we have done here
by first determining ty based on the ODE model and then estimating the kinetic parameters

based on the SDE model is clearly also meaningful.
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Chapter 6

Summary and conclusion

In this thesis, we considered inference methods for diffusion processes described by SDEs,
applied diffusions to model the translation kinetics after mRNA transfection, proved important
theoretical results of this model, and compared this SDE model to an ODE model in terms of

parameter identifiability.

We investigated the use of a higher-order approximation scheme in the context of Bayesian data
augmentation for inference for diffusion processes with the aim of improving computational
efficiency and thus obtaining more accurate estimation results within a given computational
time. We found that, in fact, the use of the Milstein scheme does improve the estimation
accuracy for the parameters appearing in the diffusion coefficient. However, our study also
shows that the applicability of the Milstein scheme is very limited in this context in the case
of multi-dimensional processes. This is a major drawback compared to the generally appli-
cable Euler scheme. Even for the comparatively small reaction network that we considered
in Chapter 5 and that represents two species and three reactions, the methods based on the
Milstein scheme considered in Chapter 4 cannot be applied as two components of the diffusion
coefficient depend on the first process component. Yet, our analysis answers a natural question

that had not been addressed in the literature previously.

For the application in Chapter 5, we instead use the open source software Stan that provides
an efficient implementation of a general state-of-the-art MCMC method and achieve good
sampling results. Even though some of the diagnostics that are specific to Stan are not perfect
for the sampling output for the SDE model, the diagnostics that one would commonly look at
for general MCMC output are satisfying and inference from simulated data shows that most
parameters can be adequately recovered. We do not consider the poor Stan-specific diagnostics

as a disadvantage of the procedure, as they provide information that we do not even have for



Chapter 6. Summary and conclusion

other MCMC algorithms. One major advantage of using Stan is that hardly any hand-tuning
is required unlike for other MCMC algorithms. Comparing its performance to other MCMC
methods in the context of SDE inference is a direction for future work. Also, a recent review
and a comprehensive benchmark study for a wide range of MCMC methods for SDE inference

represents relevant future work.

Moreover, our results for the application example in Chapter 5 showed that the SDE model
provides better identifiability of the kinetic parameters than the ODE model. We found that
the degradation rate constants of mMRNA and GFP are indeed globally identifiable for the SDE
model given individual trajectories, while for the ODE model they are only locally identifiable
due to symmetry. Besides, not only the product f2mgscale of the translation rate constant, the
initial amount of the mRNA, and the scaling factor of the fluorescence signal is identifiable as
for the ODE model, but also the parameter scale and the product #2mg are globally identifiable
for the SDE model. Not all model parameters could be determined solely from the fluorescence
signal of the GFP molecules. Additional experiments to gain information about one of the two
unidentifiable parameters (the initial amount my of mMRNA and the translation rate constant 6s)
would be necessary in order to be able to also estimate the other. Also, we combined both
modeling approaches to predetermine the initial time point ¢g. Still, our results once again
underline that using a model that explicitly accounts for inherent stochasticity can lead to
additional parameter identifiability. Despite this potential, SDE models are not that commonly
applied for parameter inference from experimental data, neither in method articles nor in
application articles. From the application side, one crucial reason for this gap is probably the
lack in the available software tools for inference for SDE models (and other stochastic kinetic
models). Even method articles that simply publish the code used to generate the results for
the article are rare. To facilitate the intelligibility of this thesis, all relevant code used to obtain
the results included in this work is made publicly available. Developing widely applicable tools
is an enormous task but it is a necessary step to make stochastic models more usable and to
leverage their potential. Therefore, future research should focus on this development, at best

by an interdisciplinary team in order to make sustainable and rapid progress.

We have also proved essential theoretical results for the considered SDE model and pointed
out several important further examples for which our proofs can be easily extended. How-
ever, an extension to general diffusion approximations would require substantial further work.
Nevertheless these results are crucial. Especially for inference from individual time-lapse tra-
jectories of which more and more are becoming available with the advancement of single-cell
experimental methods, ensuring strong uniqueness of the solution and strong convergence of
the approximation scheme is necessary. Furthermore, it would be very interesting to see further
work on mathematical results about structural identifiability of SDE model parameters based

on individual observed trajectories.
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As pointed out before, in order to harness the capabilities of mathematical modeling to generate
practical insights, ensuring a sound mathematical foundation is key. Moreover, it is important
to develop tools that render analyzing and solving the corresponding mathematical problem
(computationally) feasible within an acceptable amount of time. Likewise, one has to find ways
how to deal with the challenges that arise when working with experimental data (e.g. finite
amount of data, unobservable components). This thesis addresses all three of these aspects in
the context of SDE models for intracellular processes and thus provides further building blocks

to pave the way towards a holistic understanding of biological systems.
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Appendix A

Appendix

A.1 Mathematical basics

Gronwall’s lemma

An important tool to obtain estimates in the context of ordinary as well as stochastic differential
equations is Gronwall's lemma (also known as Gronwall's inequality). There are different
formulations of Gronwall's lemma. Here, we state the most simple formulation that is suitable

for our purposes.
Theorem A.1. (Gronwall's lemma) Let T > 0 and ¢ > 0. Let u(-) be a non-negative
continuous function on [0, T, and let 3(-) be a non-negative continuous and integrable function
on [0,T]. If
t
u(t) < c+/ B(s)u(s)ds for all t € [0,T7,
0

then

u(t) < cexp ( /0 "5(s) ds> for all t € [0, ).

A proof of Theorem A.1 and more general formulations of Gronwall’s lemma can be found e. g.
in Pachpatte (1998).
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Algorithm for the exact simulation of the Cox-Ingersoll-Ross (CIR) process

For the exact simulation of the CIR process described by SDE (3.9) at time points 0 = ¢y <
t1... < t, and with d = 4a3/0?, we use the following algorithm as stated in Glasserman
(2003, p. 124):

Casel: d>1

Fori=0,...,n—1

o ¢« o (1 —eltin=t)) /(4a)
o )\ Xy ettt /e

e generate Z ~ N(0,1)

e generate Y ~ x2 |

Xp, {(ZJF \f/\>2 +Y}

Case 2: d <1

Fori=0,...,n—1
o ¢ « o2 (1—eoltin=t)) /(4a)
o\« X; e oltini—t) /e

generate N ~ Po(\/2)

2
generate Y ~ xg. oy
Xti+1 — cY

where X7 denotes the central chi-square distribution with k degrees of freedom and Po())

denotes the Poisson distribution with parameter .

A.2 Details for Bayesian data augmentation for diffusion pro-

cesses

A.2.1 Choice of path update interval

For choosing the update interval in the simulation study in Section 4.3, we use the random
block size algorithm as suggested in (Elerian et al., 2001). Assuming that the augmented
path contains a total of n + 1 data points Yp,...,Y,, it is divided into update segments
Yico,e1)s Yier,ez)s - - - by the following algorithm:
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1. Setcg=0and j=1.
2. While ¢j_1 < n:

(a) Draw Z ~ Po() and set ¢; = min{cj_1 + Z,n}.

(b) Increment j.

Here, Po(\) denotes the Poisson distribution with parameter \.

Such a random choice of the path update interval is a simple way to vary the set of points

that are updated together within one iteration.

A.2.2 Derivation of the acceptance probability for the modified bridge (MB)
proposal for m = 2 inter-observation intervals

As stated in Section 3.4.1, the acceptance probability for the path update between two con-
secutive observations X, and X, , with the MB proposal is
impx b. imp
> — 1A T (X(Ti»Tz'Jrl) |X~({)Ti7'i+1}’9) iMB (X(Ti Tit1) ‘ XTi”XTiJrl’e)
T (Ximp |Xobs 9) qMB (szp ‘X’n X7—1+1,9>

(7i:Tit1)

imp* mp
¢ (X(TiaTiJrl) ’ X(Ti777;+1)

(T4,Ti41) {7m,Tig1}’

1A " ( tht1 | X7 ) T (th+1 |th’XTi+1’6)
0 T (thJrl |th7 ) k=0 T ( tk+1 |th7 Tz+176)

where X; = Xy, = X, and X{ = X;, = X;,,. For the case where only one data point is

imputed between two observations (i.e. m = 2) this reduces to

¢ (Ximp* imp > _ ™ (Xti |XTi7 ‘9) ™ (X'Ti+1 ‘ Xti’e) ™ (th ‘ XTi7X7—'i+179)
(TiyTip1)? 7 (Te,Tig1) 7T(Xt1 |X7.Z.,9>7T (XT,+1 |Xt1,0) s (X;l |X~,—i,XTi+1,0)
— 1A m (Xt*1 |X7'i’0)ﬂ-( Ti+1 | t1>9)
™ (th ‘ Xﬂzv 0) m ( Tit1 ’ thv 9)
™ (th | Xﬂ‘a 9) ™ (X7'1‘+1 | thve) /7T ( Tit+1 | XTN 9)
T (X7 | X7,,0) m(Xpy, | X7,0) /7 (X | X5, 0)

=1.

This relation holds for any (approximated) transition density 7 (th+1 | X, 0).
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A.2.3 Analysis of the correlation between the parameters

In this section, we provide several plots (see Figures A.1, A.2, A.3, and A.4) showing that the
parameters of the two benchmark models are not strongly correlated in order to justify our use

of independent parameter proposals in the simulation study in Section 4.3.
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Figure A.1: Two-dimensional density plots of the parameter samples from the true posterior
distribution for exemplary paths of the GBM.
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Figure A.2: Histograms of the values of Pearson’s correlation coefficient calculated for each
of the 100 sample paths of the GBM for the parameter samples from the true posterior
distributions and the parameter samples from the approximated posterior distributions obtained
with one of the four considered methods for m = 5.
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Figure A.3: Two-dimensional density plots of the parameter samples from the true posterior
distribution for exemplary paths of the CIR process.
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Figure A.4: Histograms of the values of Pearson's correlation coefficient calculated for each
of the 100 sample paths of the CIR process for the parameter samples from the true posterior
distributions and the parameter samples from the approximated posterior distributions obtained
with one of the four considered methods for m = 5.

A.3 Details of the parameter estimation for the translation ki-

netics models

In this section, we provide some additional information about the sampling diagnostics and the

estimation results for the models of the translation kinetics in Sections 5.7 and 5.8.

A.3.1 Further diagnostics of MCMC output specific to HMC and NUTS

In addition to the quality indicators for MCMC output mentioned in Section 2.2.3, Stan reports
further quantities that are specific to HMC and NUTS and are of interest to assess sampling
efficiency. These include the number of divergent transitions, the tree depth, and the (energy)
Bayesian fraction of missing (BFMI) which we briefly describe below. See the Stan reference

manual for more detailed explanations (Stan Development Team, 2019).

Integrating the Hamiltonian equations (2.8) in Section 2.2.2 analytically would preserve the
value of the Hamiltonian H(6, p); however, since analytical integration is not possible for
most problems of interest, the equations are numerically integrated which leads to numerical
errors. If the difference between H (8, p) of the starting point and H (0", p*) of the proposed
point at the end of the simulated Hamiltonian trajectory becomes too large (where the default
threshold is 10%), Stan will classify the starting point as one of a divergent transition. If many

of such starting points of divergent transitions are concentrated within a region of parameter
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space, this may be an indication that the curvature of the posterior is very high in this region

and that the step size € is too large to adequately explore this region.

As briefly mentioned in Section 2.2.2, NUTS builds up a binary tree when determining the
number L of leapfrog steps to take before a U-turn would occur. Stan records the depth of
this tree for each iteration and thus also the corresponding starting point. Moreover, the user
can specify a maximum tree depth d to avoid long execution times due too many steps; as
at most 29~ leapfrog steps are taken in each iteration. The default value is d = 10. Hitting
this maximum means that NUTS is terminated prematurely (i. e. more steps would have been
possible before a U-turn) and Stan counts how many times this occurs. Reasons for having to
take many steps may be a too small step size due to poor adaptation to a posterior of varying

curvature or targeting a very high acceptance rate.

According to Betancourt et al. (2015), the BFMI indicates how well the energy sets of the
Hamiltonian are explored. Let E = H(0, p) be the total energy, 7(E|p) the energy transition
distribution, and 7(E) the marginal energy distribution. If 7(F|p) is substantially more narrow
than w(F), then a HMC chain may not be able to completely explore the tails of the target
distribution. The BFMI quantifies the mismatch between the two distributions and is defined
and approximated by

E, V(ITWE‘,J[EV)] Zg:l(En - -Enfl)2

BFMI = R —
Vars,E] SN (En— )2

The Stan development team recommends to ensure that the value of BFMI is greater
than 0.2.

A.3.2 Stan specific diagnostics for the sampling output for the translation
kinetics models

Here, we summarize the Stan specific diagnostics described in A.3.1 for the HMC output from
Sections 5.7 and 5.8. Tables A.1 and A.2 present the statistics of the number of divergent
transition, Tables A.3 and A.4 the statistics of the number of times that the user-specified
maximal tree depth was exceeded, and Tables A.5 and A.6 that statistics of the BFMI.

Overall, all three diagnostics show poorer values for the sampling output for the SDE model
than for the ODE model. This is not surprising as we sample from a much higher-dimensional
distribution for the SDE model. We do not consider the poor diagnostics as a disadvantage
of the procedure as they provide information that we do not even have for other MCMC

algorithms and thus cannot compare to them.
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Table A.1: Statistics for the Stan diagnostic of the number of divergent transitions for the
SDE model. The 100 sampling outputs per dataset are categorized by the number of divergent
transitions that occurred after warm-up, i.e. during a total of 20,000 iterations. Hence, the
values in columns 1 to 4 sum to 100. Column 5 gives the maximum number of divergent
transitions that occurred after warm-up for one sampling output.

dataset none 1—10 11 —100 > 100 maximum
simulated data without error 37 10 25 28 1644
simulated data with error 88 4 5 3 568
experimental data for eGFP 93 4 3 0 39
experimental data for d2eGFP 90 3 6 1 540

Table A.2: Statistics for the Stan diagnostic of the number of divergent transitions for the
ODE model. See Table A.1 for a detailed description.

dataset none 1—10 11 -—-100 > 100 maximum
simulated data without error 100 0 0 0 0
simulated data with error 100 0 0 0 0
experimental data for eGFP 99 1 0 0 1
experimental data for d2eGFP 92 8 0 0 2

Table A.3: Statistics for the Stan diagnostic of the number of times that the maximal tree
depth was exceeded for the SDE model. The user-defined maximal tree depth was set to a
value of 15 prior to sampling. The 100 sampling outputs per dataset are categorized by the
number of times that the maximal tree depth was exceeded after warm-up, i.e. during a total
of 20,000 iterations. Hence, the values in columns 1 to 4 sum to 100. Column 5 gives the
maximum number of times that the maximal tree depth was exceeded after warm-up for one
sampling output.

dataset none 1—10 11 —100 > 100 maximum
simulated data without error 99 0 1 0 11
simulated data with error 10 26 21 43 7126
experimental data for eGFP 25 19 31 25 1976
experimental data for d2eGFP 95 2 3 0 59
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Table A.4: Statistics for the Stan diagnostic of the number of times that the maximal tree
depth was exceeded for the ODE model. See Table A.3 for a detailed description.

dataset none 1—10 11 —100 > 100 maximum
simulated data without error 91 6 0 3 2500
simulated data with error 96 0 0 4 2500
experimental data for eGFP 97 0 0 3 2500
experimental data for d2eGFP 100 0 0 0 0

Table A.5: Statistics for the Stan diagnostic BFMTI for the SDE model. Each of the 100
sampling outputs per dataset consists of 8 HMC chains for each of which BF M is calculated.
Then, we determine the minimum and the mean over the 8 chains. The table presents the
mean and the standard deviation (s.d.) of these minima and means aggregated over the 100
sampling outputs per dataset.

mean of s.d. of mean of s.d. of

dataset

minima minima means means
simulated data without error 0.03 0.01 0.05 0.01
simulated data with error 0.05 0.02 0.07 0.01
experimental data for eGFP 0.05 0.04 0.08 0.04

experimental data for d2eGFP 0.07 0.05 0.09 0.05

Table A.6: Statistics for the Stan diagnostic BFMI for the ODE model. See Table A.5 for
a detailed description.

mean of s.d. of mean of s.d. of

dataset o o

minima minima means means
simulated data without error 0.95 0.19 1.03 0.06
simulated data with error 0.95 0.15 1.03 0.06
experimental data for eGFP 0.94 0.19 1.03 0.05
experimental data for d2eGFP 0.90 0.23 1.02 0.05
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A.3.3 Additional figures of the estimation results

Results for simulated data

Figures A5, A.6, A.7, and A.8 show the same sampling output (the four posterior samples
for the two simulated data sets depicted in Figure 5.6) as Figures 5.7, 5.8, 5.10, and 5.11 in
Section 5.7; however here, the results are not compared between the ODE and the SDE model

but between simulated data with and without measurement error.

For the SDE, we see in Figure A.5 that the occurrence of measurement error substantially
impacts the distribution of the posterior sample with respect to the parameters 8, and 653.
The shape of the two dimensional projection changes from an elliptic shape to a banana-like
shape. Especially for 03, the 95% Cl and the range of values in the posterior sample increase
a lot and the true parameter value is only barely covered by the 95% Cl for simulated data

with measurement error.

Posterior sample for SDE model given simulated data with error
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Figure A.5: Density estimates of the posterior samples for parameters 61 and 65 for the SDE
model given simulated data without (blue, lower triangle) and with (red, upper triangle) mea-
surement error. Diagonal panels: Marginal densities for the respective parameter and boxplots
showing the 95% CI as box, the range of the sample as whiskers, and the median as thick
black line. Off-diagonal panels: Smoothed scatter plots of the two-dimensional projections of
the samples where darker hues signify higher density values. The dotted lines represent the
true parameter values that were used to simulate the data.
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Similarly for the parameters 05, mg, scale and their products, Figure A.6 shows that there is
quite a difference between the distributions of the posterior samples for the simulated data
without and with measurement error. In particular for the parameters scale and 62mg which
we consider to be identifiable, the 95% Cls increase substantially for data with measurement
error, and also the appearance of the two-dimensional projections with respect to these two
parameters changes a lot, from a slightly bent ellipse to a clear banana shape. For the
product fymgscale, the dispersion of the posterior samples changes only slightly which is
apparent from the similar lengths of the 95% Cls in Figure A.6 and also from the similar
c.v. in Tables 5.2 and 5.5 (0.083 for data without measurement error and 0.093 for data
with measurement error). The location of the sample measured e.g. by the median slightly
shifts away from the true parameter value for the data with measurement error; however, the
true value is still included in the 95% Cls. Only for parameter mg for which we also did not
see much difference in the posterior samples for the ODE vs. SDE model, the occurrence of
measurement error does not seem to affect the posterior sample much. For the remaining
parameters 05, fsscale, and mgscale which we do not consider to be identifiable but for which
the 95% Cls of the posterior samples for the SDE model were clearly more narrow than the
95% Cls of the corresponding posterior sample for the ODE model, the 95% Cls and ranges of
values of the posterior sample for the SDE model for data with measurement error are broader

than for data without measurement error.

For the ODE model, Figures A.7 and A.8 show that there is hardly any difference for most of
the parameters between the posterior sample for the data without and with measurement error
since the majority of the parameters are not identifiable anyway. For the parameters offset
and tg, there is a slight difference. For the measurement error parameter o, the posterior
sample consists of higher values for data with measurement error as expected. Note that for
both simulated datasets, the range of the posterior sample does not include the true parameter
value for o. Finally for the product 63mgscale, the dispersion of the posterior sample increases
only slightly for data with measurement error and the location of the sample shifts away from
the true parameter value. Also for this parameter, the range of the posterior sample does not

include the true parameter value for both simulated datasets.

Figure A.9 shows the statistics of the posterior samples for the simulated data without and
with measurement error aggregated over 100 simulated trajectories. It visualizes the last
two columns of Tables 5.3 and 5.6 and compares the results of the posterior samples for
the simulated data without to those with measurement error separately for the SDE and the
ODE model within each plot, instead of comparing the two model types separately for each
kind of data as in Figures 5.9 and 5.12.

150



A.3. Details of the parameter estimation for the translation kinetics models

Posterior sample for SDE model given simulated data with error
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Figure A.6: Density estimates of the posterior samples for parameters 65, mg, scale, and
their products for the SDE model given simulated data without (blue, lower triangle) and
with (red, upper triangle) measurement error. Diagonal panels: Marginal densities for the
respective parameter and boxplots showing the 95% Cl as box, the range of the sample as
whiskers, and the median as thick black line. Off-diagonal panels: Smoothed scatter plots of
the two-dimensional projections of the samples where darker hues signify higher density values.
The dotted lines represent the true parameter values that were used to simulate the data.
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Figure A.7: Density estimates of the posterior samples for parameters 61 and 63 for the ODE
model given simulated data without (green, lower triangle) and with (red, upper triangle) mea-
surement error. Diagonal panels: Marginal densities for the respective parameter and boxplots
showing the 95% Cl as box, the range of the sample as whiskers, and the median as thick
black line. Off-diagonal panels: Smoothed scatter plots of the two-dimensional projections of
the samples where darker hues signify higher density values. The dotted lines represent the
true parameter values that were used to simulate the data. For the parameter o, the dotted
line only represents the true value for the data with measurement error. For the data without
measurement error, o is equal to 0.
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Figure A.8: Density estimates of the posterior samples for parameters 05, mg, scale, and
their products for the ODE model given simulated data without (green, lower triangle) and
with (red, upper triangle) measurement error. Diagonal panels: Marginal densities for the
respective parameter and boxplots showing the 95% Cl as box, the range of the sample as
whiskers, and the median as thick black line. Off-diagonal panels: Smoothed scatter plots of
the two-dimensional projections of the samples where darker hues signify higher density values.
The dotted lines represent the true parameter values that were used to simulate the data.
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Abbreviations

ABC  approximate Bayesian computation.

BFMI Bayesian fraction of missing.

BKM  biochemical kinetic model.

C.v. coefficient of variation.

Cl credible interval.

CIR Cox-Ingersoll-Ross.

CLE chemical Langevin equation.

CME chemical master equation.
DBM diffusion bridge Milstein.
ESS effective sample size.

GBM  geometric Brownian motion.

GFP  green fluorescence protein.

HMC Hamiltonian Monte Carlo.

HPDI highest probability density interval.

LC left-conditioned.

LNA  linear noise approximation.



List of abbreviations

MB modified bridge.
MCMC Markov chain Monte Carlo.
MJP  Markov jump process.

mMRNA messenger ribonucleic acid.

NUTS No-U-Turn Sampler.

ODE ordinary differential equation.

RMSE root mean square error.

RRE  reaction rate equation.

s.d. standard deviation.
SDE  stochastic differential equation.

SSA  stochastic simulation algorithm.
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Symbols

a, A
aTr’ ATr
I,

U(a,b)
Exp(A)
Po(A)

o(- |, m?)
N (s m?)
Nza(p,n?)

LN (p, )

The natural numbers.

The non-negative integers, i.e. Ng = N U {0}.

The integers.

The real numbers.

The non-negative real numbers, i.e. Ry = {z € R|z > 0}.
The positive real numbers, i.e. R% = {z € R|z > 0}.

The max operator, i.e. a V b := max(a,b) for a,b € R.
Vectors and matrices are denoted by bold symbols.
The transpose of vector a and matrix A, respectively.

The d x d-dimensional identity matrix.

The uniform distribution on the interval [a,b] C R.

The exponential distribution with intensity parameter A € R

The Poisson distribution with parameter A € RY .

The density of the normal distribution with mean y and variance n?.

The normal distribution with mean y and variance n?.

The truncated normal distribution with mean 1 and variance n? truncated
from below by a.

The lognormal distribution, i.e. X ~ LN (u,n?) < log(X) ~ N (1, n?).
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